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CORE COURSE – I - FUNDAMENTALS OF CHEMISTRY 
 
Unit I   Atomic and molecular composition of matter: 

1.1. Atom – constituents of an atom. Elementary particles and composite particles 
(hadrons).  Atomic Structure: Bohr’s theory and its limitations, dual behaviour of matter and 
radiation, de Broglie’s relation, Heisenberg Uncertainty principle. Atomic spectrum of 
hydrogen.Zeemann effect.Molecules – molecular weight – mole – Avogadro number – 
calculating number of moles. 

1.2. Quantum mechanics: Fundamental postulates of quantum mechanics. Time 
independent Schrodinger equation and meaning of various terms in it.Significance of ψ and 
ψ2.Schrödinger equation for hydrogen atom.Radial and angular parts of the wave functions 
(atomic orbitals) and their variations for 1s, 2s, 2p, 3s, 3p and 3d orbitals (Only graphical 
representation).Radial and angular nodes and their significance.Radial distribution functions and 
the concept of the most probable distance with special reference to 1s and 2s atomic orbitals. 

1.3. Quantum numbers – principal – orbital – angular momentum quantum numbers (n,l 
and m). Significances of quantum numbers.Shapes of s, p and d atomic orbitals, nodal 
planes.Discovery of spin – spin quantum number (s).Rules for filling electrons in various 
orbitals, Electronic configurations of the atoms.Relative energies of atomic orbitals – anomalous 
electronic configurations. 
 
Unit II  Periodic table: 

2.1. Periodicity of Elements: Modern periodic law. Structure of modern periodic table 
(long form of periodic table). Classification of elements as s, p, d, f block elements. 

2.2. Periodic variation of properties: Detailed discussion on the variation various 
fundamental properties of the elements.  Effective nuclear charge – shielding or screening effect 
and Slater rules.Atomic radii (van der Waals) and ionic radii.Ionization enthalpy, successive 
ionization enthalpies and factors affecting ionization energy and applications of ionization 
enthalpy.  Electron gain enthalpy, trends of electron gain enthalpy.  Electronegativity, Pauling’s/ 
Mulliken’s/ Allred Rachow’s/ and Mulliken-Jaffé’s electronegativity scales. Variation of 
metallic character in periodic table. 

2.3.Comparison of different groups and periods: anomalies between first and second 
rows. Diagonal relationships.Participation of d – orbital in compound formation.Periodic 
anomalies of the non-metals and posttransition metals. 
 
Unit III 

3.1.Sources of organic compounds. 
3.2.Naming of organic compounds with single or more number of functional groups in 

trivial and IUPAC systems.   
3.3.Molecular weight determination of organic acids and bases by silver salt and 

platinicchloride methods. Problems arriving empirical and molecular formula using percentage 
composition of elements and molecular weight. 
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          3.4.Structural formula – Shapes of organic molecules. sp3, sp2 and sp hybridization in 
organic compounds with suitable examples. 
          3.5.Classification of organic compounds as aliphatic, aromatic, alicyclic and hetero cyclic 
compounds. 
          3.6.Steric and electromeric effects. Inductive effect, +I and –I effects, resonance effects 
(delocalized chemical bonding), rules for resonance, resonance stabilization energy, 
hyperconjugation.Explanation with suitable examples for each. 
 
Unit IV Physical properties and chemical constitution: 

4.1 Classification of physical properties of materials as additive properties, constitutive 
properties, additive constitutive properties and colligative properties with suitable examples. 
Vector and scalar properties with suitable examples.Extensive and intensive properties. 

4.2 Dipole moment, calculation of dipole moment and bond length. Bond moment and 
dipole moment.Calculating percentage of ionic character from dipole moment and 
electronegativity differences. 

4.3  Magnetic properties, para, dia, ferroantiferro and ferri magnetism.  Curie 
temperature (TC). Magnetic susceptibility, Determination of magnetic susceptibility, spin only 
magnetic moment and its relationship to number of unpaired electrons.  

4.4 Molar volume, surface tension and parachor. Atomic and structural parachors and 
their uses to fix the exact structure. 
 
Unit V  Introduction to computers: 

5.1. Basics:Types of computer – different components o a computer – constants – 
variables – bits and bytes. Binary number system – representation of integers – conversion of a 
decimal to binary and vice- versa.Other number systems and their mutual conversion. 

5.2. Programming – algorithm – flow charts .operating systems.  Expressions, hierarchy 
of operations, inbuilt functions.Elements of the BASIC language.BASIC keywords and 
commands.Logical and relative operators.Compiled versus interpreted 
languages.Debugging.Simple programs using these concepts for calculating the rate constants, 
velocity of gaseous molecules and molar concentration, normality of a solution, matrix addition, 
matrix Multiplication and statistical analysis. 

5.3. List of computer software and their uses in chemistry. 
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UNIT 1 

1.1 Atom – constituents of an atom: 

Our current model of the atom can be broken down into three constituents parts – protons, 
neutron, and electrons. Each of these parts has an associated charge, with protons carrying a 
positive charge, electrons having a negative charge, and neutrons possessing no net charge 

The constituents of the atom are protons, neutrons and electrons. The protons and neutrons 
(nucleons) are found in the nucleus of atoms. The nucleus of an atom is surrounded by empty 
space in which there are electrons. 

 
Atoms & Isotopes 
Atoms are described by their proton number (Z), which is the number of protons they contain. 
And their nucleon number (A), which is the number of nucleons their nucleus contains ( 
nucleon number = number of protons + number of neutrons).  For example the element ‘X’ 
below has a proton number of  ‘Z’ and a nucleon number of  ‘A’. 
 
Atomic Structure: Bohr’s theory and its limitations: 

Bohr’s Theory – Bohr’s Atomic Model 
In the year 1913, Niels Bohr proposed an atomic structure model, describing an atom as a small, 
positively charged nucleus surrounded by electrons that travel in circular orbits around the 
positively charged nucleus like planets around the sun in our solar system, with attraction 
provided by electrostatic forces, popularly known as Bohr’s atomic model. It was basically an 
improved version of Rutherford’s atomic model overcoming its limitations. On most of the 
points, he is in agreement with him, like concepts of nucleus and electrons orbiting it. Salient 
features of Niels Bohr atomic model are: 

• Electrons revolve around the nucleus in stable orbits without emission of radiant energy. 
Each orbit has a definite energy and is called an energy shell or energy level. 

• An orbit or energy level is designated as K, L, M, N shells. When the electron is in the 
lowest energy level, it is said to be in the ground state. 

• An electron emits or absorbs energy when it jumps from one orbit or energy level to 
another. When it jumps from a higher energy level to lower energy level it emits energy 
while it absorbs energy when it jumps from a lower energy level to a higher energy level. 

• The energy absorbed or emitted is equal to the difference between the energies of the two 
energy levels (E1, E2) and is determined by Plank’s equation. 

∆E = E2-E1 = hv 

Where, 
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∆E = energy absorbed or emitted 
h= Plank’s constant 
v= frequency of electromagnetic radiation emitted or absorbed 

• The angular momentum of an electron revolving in energy shells is given by: 

mevr = nh/2π 

Where, 
n= number of corresponding energy shell; 1, 2, 3 ….. 
me= mass of the electron 
v= velocity 
r=radius 
h= Plank’s constant 

Deriving the de Broglie Wavelength 

De Broglie derived his equation using well established theories through the following series of 
substitutions: 

De Broglie first used Einstein's famous equation relating matter and energy 

E=mc2(1)(1)E=mc2 

EE = energy, 

• mm = mass, 
• cc = speed of light 

Using Planck's theory which states every quantum of a wave has a discrete amount of energy 
given by Planck's equation: 

E=hν(2)(2)E=hν 

with 

• EE = energy, 
• hh = Plank's constant (6.62607 x 10-34 J s), 
• νν= frequency 

Since de Broglie believed particles and wave have the same traits, he hypothesized that the two 
energies would be equal: 

mc2=hν(3)(3)mc2=hν 

Because real particles do not travel at the speed of light, De Broglie submitted velocity (vv) for 
the speed of light (cc). 
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mv2=hν(4)(4)mv2=hν 

Through the equation λλ, de Broglie substituted v/λv/λ for νν and arrived at the final expression 
that relates wavelength and particle with speed. 

mv2=hvλ(5)(5)mv2=hvλ 

Hence 

λ=hvmv2=hmv(6)(6)λ=hvmv2=hmv 

A majority of Wave-Particle Duality problems are simple plug and chug via Equation 66 with 
some variation of canceling out units 

Example 11 

Find the de Broglie wavelength for an electron moving at the speed 
of 5.0×106m/s5.0×106m/s (mass of an electron is 9.1×10−31kg9.1×10−31kg). 

Solution 

λ=hp=hmv=6.63×10−34J⋅s(9.1×10−31kg)(5.0×106m/s)=1.46×10−10m(7)(7)λ=hp=hmv=6.63×1
0−34J⋅s(9.1×10−31kg)(5.0×106m/s)=1.46×10−10m 

Although de Broglie was credited for his hypothesis, he had no actual experimental evidence for 
his conjecture. In 1927, Clinton J. Davisson and Lester H. Germer shot electron particles onto 
onto a nickel crystal. What they saw was the diffraction of the electron similar to waves 
diffraction against crystals (x-rays). In the same year, an English physicist, George P. Thomson 
fired electrons towards thin metal foil providing him with the same results as Davisson and 
Germer. 

Heisenberg Uncertainty principle: 

n quantum mechanics, the uncertainty principle is any of a variety of mathematical inequalities 
asserting a fundamental limit to the accuracy with which the values for certain pairs of physical 
quantities of a particle, such as position, x, and momentum, p, can be predicted from initial 
coditions 

.  Zeemann effect.Molecules – molecular weight – mole – Avogadro number – 
calculating number of moles. 
 
The Zeeman effect named after Dutch physicist Pieter Zeeman, is the effect of splitting of a 
spectral line into several components in the presence of a static magnetic field. It is analogous to 
the Stark effect, the splitting of a spectral line into several ... 
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Mole definition:The mole (symbol: mol) is the unit of measurement for amount of substance in 
the International System of Units (SI). A mole of a substance or a mole of particles is defined as 
containing exactly 6.02214076×1023 particles, which may be atoms, molecules, ions, or 
electrons. 

Principal Quantum Number 

Principal quantum numbers are denoted by the symbol ‘n’. They designate the principal 
electron shell of the atom. Since the most probable distance between the nucleus and the 
electrons is described by it, a larger value of the principal quantum number implies a greater 
distance between the electron and the nucleus (which, in turn, implies a greater atomic size). 

The value of the principal quantum number can be any integer with a positive value that is 
equal to or greater than one. The value n=1 denotes the innermost electron shell of an atom, 
which corresponds to the lowest energy state (or the ground state) of an electron. 

Thus, it can be understood that the principal quantum number, n, cannot have a negative 
value or be equal to zero because it is not possible for an atom to have a negative value or no 
value for a principal shell. 

When a given electron is infused with energy (excited state), it can be observed that the 
electron jumps from one principle shell to a higher shell, causing an increase in the value of 
n. Similarly, when electrons lose energy, they jump back into lower shells and the value of n 
also decreases. 

The increase in the value of n for an electron is called absorption, emphasizing the photons or 
energy being absorbed by the electron. Similarly, the decrease in the value of n for an 
electron is called emission, where the electrons emit their energy. 

Azimuthal Quantum Number (Orbital Angular Momentum Quantum Number) 

The azimuthal (or orbital angular momentum) quantum number describes the shape of a 
given orbital. It is denoted by the symbol ‘l’ and its value is equal to the total number of 
angular nodes in the orbital. 

A value of the azimuthal quantum number can indicate either an s, p, d, or f subshell which 
vary in shapes. This value depends on (and is capped by) the value of the principal quantum 
number, i.e. the value of the azimuthal quantum number ranges between 0 and (n-1). 

For example, if n =3, the azimuthal quantum number can take on the following values – 0,1, 
and 2. When l=0, the resulting subshell is an ‘s’ subshell. Similarly, when l=1 and l=2, the 
resulting subshells are ‘p’ and ‘d’ subshells (respectively). Therefore, when n=3, the three 
possible subshells are 3s, 3p, and 3d. 

In another example where the value of n is 5, the possible values of l are 0, 1, 2, 3, and 4. If l 
= 3, then there are a total of three angular nodes in the atom. 
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The allowed subshells under different combinations of ‘n’ and ‘l’ are listed above. It can be 
understood that the ‘2d’ orbital cannot exist since the value of ‘l’ is always less than that of 
‘n’. 

Magnetic Quantum Number 

The total number of orbitals in a subshell and the orientation of these orbitals are determined 
by the magnetic quantum number. It is denoted by the symbol ‘ml’. This number yields the 
projection of the angular momentum corresponding to the orbital along a given axis. 

The value of the magnetic quantum number is dependant on the value of the azimuthal (or 
orbital angular momentum) quantum number. For a given value of l, the value of ml ranges 
between the interval -l to +l. Therefore, it indirectly depends on the value of n. 

For example, if n = 4 and l = 3 in an atom, the possible values of the magnetic quantum 
number are -3, -2, -1, 0, +1, +2, and +3. 

 

Electron Spin Quantum Number 

The electron spin quantum number is independent of the values of n, l, and ml. The value of 
this number gives insight into the direction in which the electron is spinning, and is denoted 
by the symbol ms. 

The value of ms offers insight into the direction in which the electron is spinning. The 
possible values of the electron spin quantum number are +½ and -½. 

The positive value of ms implies an upward spin on the electron which is also called ‘spin up’ 
and is denoted by the symbol ↑. If ms has a negative value, the electron in question is said to 
have a downward spin, or a ‘spin down’, which is given by the symbol ↓. 

The value of the electron spin quantum number determines whether the atom in question has 
the ability to produce a magnetic field. The value of ms can be generalized to ±½. 

A radial node is a sphere (rather than an angular node which is a flat plane) that occurs when 
the radial wavefunction for an atomic orbital is equal to zero or changes sign. 

There are two types of nodes within an atom: angular and radial. Angular nodes are or will be 
discussed in another section; this section is dedicated to the latter. Radial nodes, as one could 
guess, are determined radially. Using the radial probability density function, places without 
electrons, or radial nodes, can be found. A quick comparison of the two types of nodes can be 
seen in the diagram above. Angular nodes are either x, y, and z planes where electrons aren’t 
present while radial nodes are sections of these axes that are closed off to electrons. 

For atomic orbitals, the wavefunction can be separated into a radial part and an angular part 
so that it has the form 
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Ψ(r,θ,ϕ)=R(r)Y(θ,ϕ)(1)(1)Ψ(r,θ,ϕ)=R(r)Y(θ,ϕ) 

where R(r)R(r) is the radial component which depends only on the distance from the nucleus 
and Y(θ,ϕ) is the angular component. The radial nodes consist of spheres whereas the 
angular nodes consist of planes (or cones). 

Figure 1: Various s orbitals. All of these orbitals have ℓ = 0, but they have different values 
for n. The first orbital has n = 1, and thus is small and has no nodes. The second orbital has n 
= 2, and thus is larger and has one node. The third orbital has n = 3, and thus is even larger 
and has two nodes. IMage used with permission (CC SA-BY 3.0; CK-12 Foundation). 

 

A radial node will occur where the radial wavefunction, R(r)R(r), equals zero. At a node the 
probability of finding an electron is zero; which means that we will never find an electron at 
a node. 

Basic description 

To solve for the number of radial nodes, the following simple equation can be used. 

Radial Nodes = n - 1 - ℓ 

The ‘n’ accounts for the total amount of nodes present. The ‘-1’ portion accounts for the node 
that exists at the ends. (A half of one node exists at one end and since there are two ends, 
there’s a total of one node located at the ends.) The azimuthal quantum number determines 
the shape of the orbital and how many angular nodes there are. The remaining number, which 
currently doesn’t have a symbol, is the amount of radial nodes which are present. Here’s a 
quick example: 

Radial nodes occur as the principle quantum number (n) increases and the number of radial 
nodes depends on the principle quantum number (n) and the number of angular nodes (l). The 
total number of nodes is found using 

Total Nodes=n-1 

From knowing the total nodes we can find the number of radial nodes by using 

Radial Nodes=n-l-1 

significance of ψ and ψ2 in chemistry 
ψ is a wave function and refers to the amplitude of electron wave i.e. probability amplitude. 
It has got no physical significance. The wave function ψ may be positive, negative or 
imaginary. [ψ]

2 is known as probability density and determines the probability of finding an 
electron at a point within the atom. 
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The Schrödinger equation is a linear partial differential equation that describes the wave 
function or state function of a quantum-mechanical system.[1]:1–2 It is a key result in quantum 
mechanics, and its discovery was a significant landmark in the development of the subject. 
The equation is named after Erwin Schrödinger, who postulated the equation in 1925, and 
published it in 1926, forming the basis for the work that resulted in his Nobel Prize in 
Physics in 1933.[2][3] 

In classical mechanics, Newton's second law (F = ma)[note 1] is used to make a mathematical 
prediction as to what path a given physical system will take over time following a set of 
known initial conditions. Solving this equation gives the position and the momentum of the 

physical system as a function of the external force  on the system. Those two parameters 
are sufficient to describe its state at each time instant. In quantum mechanics, the analogue of 
Newton's law is Schrödinger's equation. 

The concept of a wave function is a fundamental postulate of quantum mechanics; the wave 
function defines the state of the system at each spatial position and time. Using these 
postulates, Schrödinger's equation can be derived from the fact that the time-evolution 
operator must be unitary, and must therefore be generated by the exponential of a self-adjoint 
operator, which is the quantum Hamiltonian. This derivation is explained below. 

In the Copenhagen interpretation of quantum mechanics, the wave function is the most 
complete description that can be given of a physical system. Solutions to Schrödinger's 
equation describe not only molecular, atomic, and subatomic systems, but also macroscopic 
systems, possibly even the whole universe.[4]:292ff 

The Schrödinger equation is not the only way to study quantum mechanical systems and 
make predictions. The other formulations of quantum mechanics include matrix mechanics, 
introduced by Werner Heisenberg, and the path integral formulation, developed chiefly 
by Richard Feynman. Paul Dirac incorporated matrix mechanics and the Schrödinger 
equation into a single formulation. 

Time-dependent equation[edit] 

The form of the Schrödinger equation depends on the physical situation (see below for 
special cases). The most general form is the time-dependent Schrödinger equation (TDSE), 
which gives a description of a system evolving with time:[5]:143 

 

A wave function that satisfies the nonrelativistic Schrödinger equation with V = 0. In other 
words, this corresponds to a particle traveling freely through empty space. The real part of 
the wave function is plotted here. 

Each of these three rows is a wave function which satisfies the time-dependent Schrödinger 
equation for a harmonic oscillator. Left: The real part (blue) and imaginary part (red) of the wave 
function. Right: The probability distribution of finding the particle with this wave function at a 
given position. The top two rows are examples of stationary states, which correspond 



10 

to standing waves. The bottom row is an example of a state which is not a stationary state. The 
right column illustrates why stationary states are called "stationary". 

The most famous example is the nonrelativistic Schrödinger equation for the wave function in 

position space  of a single particle subject to a potential , such as that due to an electric 
field 

What is the Aufbau Principle? 

The Aufbau principle dictates the manner in which electrons are filled in the atomic orbitals of 
an atom in its ground state. It states that electrons are filled into atomic orbitals in the increasing 
order of orbital energy level. According to the Aufbau principle, the available atomic orbitals 
with the lowest energy levels are occupied before those with higher energy levels. 

The word ‘Aufbau’ has German roots and can be roughly translated as ‘construct’ or ‘build up’. 
A diagram illustrating the order in which atomic orbitals are filled is provided below. Here, ‘n’ 
refers to the principal quantum number and ‘l’ is the azimuthal quantum number. 

Hund's Rule. Hund's rule: every orbital in a subshell is singly occupied with one electron 
before any one orbital is doubly occupied, and all electrons in singly occupied orbitals have the 
same spin. 
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Unit II -Periodic table: 

Mendeleev (1869) periodic Law states that the physical and chemical properties of the elements 

are a periodic function of their atomic weights. 

Modern Periodic law (Henry Moseley - 1913)  

“The physical and chemical properties of the elements are periodic functions of their atomic 

numbers” Elements are arranged in order of their increasing atomic numbers.  

Structure of modern periodic table 

The modern periodic table is used to organize all the known elements.  

Elements are arranged in the table by increasing atomic number.  

In the modern periodic table, each element is represented by its chemical symbol. The number 

above each symbol is its atomic number. 

The vertical columns are known as groups and horizontal rows are known as periods; in the 

modern periodic table.  

There are 18 groups and 7 periods in the modern periodic table  

Periods in Modern Periodic Table: 

At present there are seven periods in the Modern Periodic Table. 

1
st
 period: This is known as very short period as there are only two elements, i.e. hydrogen and 

helium. 

2
nd

 and 3
rd

 period: There are total 8 elements in each of the 2nd and 3rd periods. These periods 

are known as short periods. 

4
th

 and 5
th

 period: There are total 18 elements in each of the 4th and 5th periods. These periods 

are known as long periods. 

6
th

 period: There are total 32 elements in 6th period. This period is known as very long period. 

7
th

 period: This period is known as incomplete period. Blank spaces in this period are supposed 

to be filled by the elements discovered in future.  

Classification of elements as s, p, d, f block elements. 

s-block elements: 

The valence electrons in the elements are only in the s-orbital. 

 e.g.  Li  (Z=3) 1s2 2s1.  

  Na (Z=11)  1s2 2s2 2p6 3s1.  

  K  (Z=19)  1s2 2s2 2p6 3s2 3p6 4s1.  
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There can be maximum 2 electrons in the valence shell as s-orbital can only accommodate 2 

electrons in it.  

Alkali (Group 1) and Alkaline earth metals (Group 2) and Helium are all s-block elements.  

p-block elements : 

In this type of elements, the valence electron enters the p-orbital.  

e.g.  Carbon 1s22s22p2 

 Silicon 1s2 2s2 2p6 3s2 3p2. 

 Chlorine  1s22s22p63s23p5. 

 Argon  1s22s22p63s23p6. 

 Bismuth  1s2 2s2 2p6 3s2 3p6 3d10 4s2 4p6 4d10 5s2 5p6 4f14 5d10 6s26p3. 

This block contains groups 13, 14, 15, 16, 17, and 18 (groups IIIA to VIIIA) with the exception 

of Helium (He is an ‘s’ block element).  

d – block elements : 

In this type of elements, the valence electron enters the d-orbital. These elements are found in 

groups 3 to 12 (groups IB to VIIIB) in the periodic table.  

In these elements, the one before the last (n-1) d-orbital is filled with electrons. we have seen, the 

sequence of filling the orbital’s is such that the energy of the ns shell is always less than (n-1)d 

shell. So the electrons fill the ns shell first and later they enter the penultimate (n-1)d orbital. d- 

and s- orbital’s can hold maximum of 10 and 2 electrons respectively.  

f-block elements 

These are called the inner transition elements and they are placed separately at the bottom of the 

main periodic table.  

The two inner transition series are –  

Lanthanide series – 4f orbital gets filled – Cerium (Z=58 ) to Lutetium (Z=71)  

Actinide series – 5f orbital gets filled – Thorium (Z= 90) to Lawrencium (Z=103)  

Shielding or screening effect: 

 Shielding or screening effect is the reduction of attraction between the atomic nucleus 

and the outermost electrons due to the presence of inner shell electrons. The shielding effect 

causes the reduction of effective nuclear charge on an electron.  

The effective nuclear charge, Zeff, is:   

   Zeff = Z − S 
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Where, Z is atomic number and S is screening constant which can be obtained with the help of 

Slater rules as described below,  

Slater rules: 

Step I 

Write the electronic configuration of elements as in the following structure, (1s) (2s 2p) (3s 3p) 

(3d) (4s 4p) (4d) (4f) (5s 5p) ……..  

Step II 

Identify the group in which the electron of interest is present. Each electron present in the group 

will shield to an extent of 0.35 unit to the nuclear charge.  

Note: 1s electron will contribute 0.30 

Step III 

Each electron in the n-1 group shield to an extent of 0.85 unit and the electron present in n-2, n-

3……….. groups shield to an extend of 1 unit if the electron of interest  belongs to ‘s’ or ‘p’ 

orbital and if it is ‘d’ or ‘f’ orbital  then each electron left of the group shield to an extent of 1 

unit.  

Step IV 

The summation of the shielding effect of all the electrons gives the shielding constant.  

Atomic radii 

The distance between outermost orbit and centre of the nucleus of an atom is called atomic 

radius.  

• Covalent radius: One-half of the distance between the centers of the nuclei of two 

similar atoms bonded by a single covalent bond  

• Van der waals radius: A van der Waals radius is a measure for the size of an atom that 

is not chemically (ionically or covalently) bound. 

• Metallic radius: The metallic radius is the radius of an atom joined by metallic bond. 

The metallic radius is half of the total distance between the nuclei of two adjacent atoms in 

a metallic cluster. Since a metal will be a group of atoms of the same element, the distance of 

each atom will be the same.  

Periodicity in Atomic radii 

The Atomic radii depends upon the following factors:  

• Number of orbits: the increase in number of orbits of an atom increases the atomic radii.  
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• Effective nuclear charge: the increase in effective nuclear charge results in the decrease 

of atomic radii because protons attract the outermost electrons with greater force.  

• Shielding effect: when an atom has more number of shells, the shielding provided to the 

outermost electrons will be greater, in turn the atomic radii increases.  

Periodic trend:  

• In a period:  

Atomic radius decreases from left to right in a period because the effective nuclear charge 

increases on moving from left to right in a period. 

For Ex. Elements of 2nd Period  

• In a group:  

• Atomic radius increases on moving downwards in a group, because the number of orbits 

increases on moving from top to bottom in a group. 

• Ionic radius: 

• It is the distance between the nucleus and the point up to which the nucleus influences the 

electron cloud spotted around the nucleus in an ion. 

• Cationic radius: 

• A positive ion is known as a cation. The formation of a cation by the loss of one or more 

electrons always leads to a decrease in atomic radius, because the removal of the outermost 

electrons results in a smaller electron cloud. The remaining electrons are drawn closer to the 

nucleus by its unbalanced positive charge.  

Anionic radius: 

A negative ion is known as an anion. The formation of an anion by the addition of one or more 

electrons always leads to an increase in atomic radius. The electron cloud also spreads out 

because of greater repulsion between the increased numbers of electrons. 

Periodic trend:  

Metals tend to form cations and non-metals tend to form anions.  

• Ionic radii gradually decrease across a period.  

• Ionic radii gradually increase down a group. 

Ionization enthalpy Or Ionization energy or Ionization potential 
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The energy required to remove the most loosely bound electron from the outermost orbit of 

isolated gaseous atom of an element is called Ionization enthalpy or ionization potential. It is 

expressed in KJ mol-1 (or) in eV.  

  M(g) + IE1   M+
(g )+ e- 

Where IE1 represents first ionization energy. 

Factors affecting ionization enthalpy: 

• Number of shells: As the Number of shells increases, the ionization enthalpy decreases 

because the distance of the outer most shell electron from the nucleus increases. 

• Effective nuclear charge: Higher the effective nuclear charge stronger will be the 

attraction of the nucleus towards the outermost electron. Therefore higher will be the ionization 

enthalpy. 

• Shielding effect: The electrons of the inner orbit repel the electrons of the outermost 

orbit. Because of this effect the attraction of the nucleus towards the valence electron decreases 

and therefore the value of ionization enthalpy decreases.  

• Applications of ionization enthalpy 

• (i) Metallic character of elements 

• Metallic character increases as the value of ionization enthalpy decreases. Actually in a 

group on going from top to bottom ionization enthalpy value decreases and therefore metallic 

character increases. In a period, on moving from left to right the values of ionization enthalpy 

increases so metallic character decreases. Non metallic character increases. 

• (ii) Relative reactivity of the metals 

• With the decrease in ionization enthalpy values, the relative reactivity of the metals 

increases For example, the values of ionization enthalpy of IA and IIA metals are comparatively 

low. So they are comparatively more reactive. The ionization enthalpy values of inert gases are 

very high. So they are almost inert. 

In a group moving from top to bottom the reactivity of metal atoms increases because their 

ionization enthalpy value decreases.  

• Electron gain enthalpy or Electron affinity: 

• The energy released on adding up an electron to a neutral gaseous atom to form an anion 

is known as electron gain enthalpy or electron affinity of that atom. During the adding up, the 

energy is given out. Therefore it is an exothermic process. 
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A (g)  + e-                     A-
(g ) 

Electronegativity: 

It is defined as “the tendency of an atom to attract the shared pair of electrons of  the covalent 

bond  towards itself”  

Pauling’s electronegativity scales 

Pauling’s method makes use of bond energies. Consider a bond M-N  of a molecule MN. Let the 

bond energies of M-M and N-N and M-N bonds be E M-M , E N-N  and E M-N respectively  

∆M-N, the ionic resonance energy of M-N bond is given by , 

∆M-N = E M-N-  EM-M × E N-N 

Mulliken’s electro negativity scales 

Mulliken’s scale considers the electro negativity of an element as the average of the ionization 

potential and the electron affinity of that element.                               

(X)M = (IE+EA)/2 

The Allred–Rochow electronegativity scale: 

The electrostatic force of attraction Fes between an atom A and  bonding electron separated from 

its nucleus by its covalent radius rcov in A° is the measure of of electronegativity of atom.  

XAR = Fes = e2 × Zeff /r
2

cov 

Anomalous Behaviour of 1
st
 and 2

nd
 row Elements: 

The head elements of 1st and 2nd row show difference in properties with the other elements 

present in that group. For example Hydrogen is different from all the members of 1A group, 

similarly Li present in same group but show anomalous behaviour. Similarly the other head 

elements of groups ie. Be, B, C, N, O, F show different properties.  

Reason: 

• They have smallest size in their respective group. 

• High electronegativity than other elements of respective group. 

Diagonal relationship  

On moving diagonally across the periodic table, the second and third period elements show some 

similarities. 

Example: 

(a) Diagonal relationship between Be an Al are summarized below. 

Be2+ and Al3+ have almost same and smaller size and thus favour for covalent bonding.  
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Both these form covalent compounds having low melting point and soluble in organic solvent. 

Anomalous behavior of non metals: 

a) Anomalous behavior of nitrogen:  

Nitrogen differs from of the members of this group due to its small size, high electronegativity, 

high ionisation enthalpy and non-availability of d orbitals. 

If forms  pπ -pπ multiple bonds with itself and with other elements having small size and high 

electronegativity. 

Anomalous Behavior of Boron 

Boron, the first member of group 13 also shows anomalous behavior due to  

extremely low size and high nuclear charge/size ratio 

high electro negativity and 

Non-availability of d electrons. 

The main points of differences are, 

(1) Boron is a typical non- metal whereas other members are metals. 

(2) Boron is a bad conductor of electricity whereas other metals are good conductors. 

 
 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 



Unit III 
3.1 Sources of Organic compounds:
 

 
3.2.Naming of organic compounds with single or more number of functional groups in trivial and 
IUPAC systems. 
 
IUPAC:Naming of Organic Compounds

IUPAC (International Union of Pure and Applied Chemistry) is a system of nomenclature where the 

names are correlated with the structure such that the reader or listener can deduce the structure from the 

name. 

IUPAC Names consists of Prefix-root word 

IUPAC Names for straight chain Alkanes

The names of such compounds is based on their chain structure, and end with suffix ‘

carry a prefix indicating the number of carbon atoms present in the chain.
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3.1 Sources of Organic compounds: 

 

3.2.Naming of organic compounds with single or more number of functional groups in trivial and 

of Organic Compounds 

IUPAC (International Union of Pure and Applied Chemistry) is a system of nomenclature where the 

names are correlated with the structure such that the reader or listener can deduce the structure from the 

root word - suffix 

IUPAC Names for straight chain Alkanes 

The names of such compounds is based on their chain structure, and end with suffix ‘

carry a prefix indicating the number of carbon atoms present in the chain. 

3.2.Naming of organic compounds with single or more number of functional groups in trivial and  

IUPAC (International Union of Pure and Applied Chemistry) is a system of nomenclature where the 

names are correlated with the structure such that the reader or listener can deduce the structure from the 

The names of such compounds is based on their chain structure, and end with suffix ‘-ane’ and 

 



IUPAC Names for Branched Chain Alkanes

How to derive the IUPAC Names of Branched Chain Alkanes

1. The longest carbon chain in the molecule is identified. The longest chain of Carbon atom is called the 

parent or root chain and it decides the root word of the organic compounds.

root words for Carbon atom from 1 to 10

2. Numbering of chain is done in such a way that 

3. The names of the alkyl groups attached as a branch are then prefixed to the name of the   

parent alkane and its position is indicated by numbers.

4. If different alkyl groups are present, they are listed in alphabetical order

5. The names of identical substituents are not repeated, instead prefixes

6. If the two substituents are found in equivalent posit

coming first in the alphabetical listing.

7. The branched alkyl groups can be named by following the above rules only. However, the 

carbon atom of the branch that attaches to the root alkane is numbered 1

8. If there happens to be two chains of equal size, then that chain is to be selected which contains 

more number of side chains. 

Example -1 

Step 1. Longest chain with more side chain is chosen. Since there are 10 C. So, Decane will be 

root word 

Step 2. Branched is name as 2-Ethylbutyl using the same procedure

Step 3. Name is written considering alphabet order of the side chain name

Finally, the Name is 

5-(2-Ethylbutyl)-3,3-dimethyldecane

Example -2 
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ched Chain Alkanes 

How to derive the IUPAC Names of Branched Chain Alkanes 

1. The longest carbon chain in the molecule is identified. The longest chain of Carbon atom is called the 

parent or root chain and it decides the root word of the organic compounds. Table is given below for the 

root words for Carbon atom from 1 to 10 

2. Numbering of chain is done in such a way that – substituent gets lowest locant.

3. The names of the alkyl groups attached as a branch are then prefixed to the name of the   

ane and its position is indicated by numbers. 

If different alkyl groups are present, they are listed in alphabetical order 

5. The names of identical substituents are not repeated, instead prefixes 

6. If the two substituents are found in equivalent positions, the lower number is given to the one 

coming first in the alphabetical listing. 

The branched alkyl groups can be named by following the above rules only. However, the 

carbon atom of the branch that attaches to the root alkane is numbered 1 

ere happens to be two chains of equal size, then that chain is to be selected which contains 

 

. Longest chain with more side chain is chosen. Since there are 10 C. So, Decane will be 

Ethylbutyl using the same procedure 

. Name is written considering alphabet order of the side chain name 

dimethyldecane 

1. The longest carbon chain in the molecule is identified. The longest chain of Carbon atom is called the 

Table is given below for the 

substituent gets lowest locant. 

3. The names of the alkyl groups attached as a branch are then prefixed to the name of the   

ions, the lower number is given to the one 

The branched alkyl groups can be named by following the above rules only. However, the 

ere happens to be two chains of equal size, then that chain is to be selected which contains 

. Longest chain with more side chain is chosen. Since there are 10 C. So, Decane will be 



Step 1. Longest chain with more side chain is chosen. Since 

root word 

Step 2. Now two substituents are found in equivalent positions, the lower number is given to the 

one coming first in the alphabetical listing

So, it is 3 -ethyl and 5 -methyl 

Step 3. Name is written considering 

3-Ethyl-5-methyl heptane 

Example -3 

IUPAC Nomenclature for Cyclic Alkanes

A saturated monocyclic compound is named by prefixing ‘cyclo’ to the corresponding straight 

chain alkane. If side chains are present, then the

Example -1 

 

We have 5 carbons. So, it is cyclopentane

Example -2 
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. Longest chain with more side chain is chosen. Since there are 7 C. So, heptane will be 

. Now two substituents are found in equivalent positions, the lower number is given to the 

one coming first in the alphabetical listing 

. Name is written considering alphabet order of the side chain name 

 

IUPAC Nomenclature for Cyclic Alkanes 

A saturated monocyclic compound is named by prefixing ‘cyclo’ to the corresponding straight 

chain alkane. If side chains are present, then the rules given above are applied. 

We have 5 carbons. So, it is cyclopentane 

there are 7 C. So, heptane will be 

. Now two substituents are found in equivalent positions, the lower number is given to the 

A saturated monocyclic compound is named by prefixing ‘cyclo’ to the corresponding straight 



Here the more branched chain is given lower number

3-ethyl 1-1 dimethyl cyclohexane

IUPAC nomenclature of Functional Groups

1.The longest chain of carbon atoms containing the functional groups is numbered in such a way 

that the functional group attached to the carbon atom gets the lowest possible number in the 

chain. The name of the compound is decided by choosing the IUPAC su

2. Poly-functional compounds are compounds which are having more than one functional group. 

For naming poly functional compounds, one of the functional groups is chosen as the principal 

functional group and the compound is then named on that 

groups, which are subordinate functional groups, are named as substituents using the appropriate 

prefixes.  

� The order of decreasing priority for some functional groups is:

-COOH, –SO3H, -COOR (R=alkyl group), COCl, 

NH2 , >C=C, -C≡C- 

Here is the list with suffix and prefix both for poly

Examples 

A. Carboxylic Acid- R – COOH

R – C – O –O- H 

Suffix: - Oic acid (if ‘C’ of COOH is not included in the main chain then Carboxylic 

instead of oic acid.) 
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Here the more branched chain is given lower number 

1 dimethyl cyclohexane 

IUPAC nomenclature of Functional Groups 

1.The longest chain of carbon atoms containing the functional groups is numbered in such a way 

that the functional group attached to the carbon atom gets the lowest possible number in the 

chain. The name of the compound is decided by choosing the IUPAC suffix as below

functional compounds are compounds which are having more than one functional group. 

For naming poly functional compounds, one of the functional groups is chosen as the principal 

functional group and the compound is then named on that basis. The remaining functional 

groups, which are subordinate functional groups, are named as substituents using the appropriate 

The order of decreasing priority for some functional groups is: 

COOR (R=alkyl group), COCl, -CONH2 , -CN,-HC=O, >C=O, 

Here is the list with suffix and prefix both for poly-functional compound 

 

COOH 

Oic acid (if ‘C’ of COOH is not included in the main chain then Carboxylic 

1.The longest chain of carbon atoms containing the functional groups is numbered in such a way 

that the functional group attached to the carbon atom gets the lowest possible number in the  

ffix as below 

functional compounds are compounds which are having more than one functional group. 

For naming poly functional compounds, one of the functional groups is chosen as the principal 

basis. The remaining functional 

groups, which are subordinate functional groups, are named as substituents using the appropriate 

HC=O, >C=O, -OH, -

Oic acid (if ‘C’ of COOH is not included in the main chain then Carboxylic acid is used 



a. H COOH                      Meth –

b.CH3 – COOH               Ethan –

c. CH3 – CH2 – COOH   (Propanoic acid)

B. Nitrile- R – C N 

Prefix: Cyno 

Suffix: nitrile 

a.C2 H3 – CN          Ethane – 1 – 

b. 

 

     3 – Methyl butane – 1 – nitrile

c. NC – CH2 – CH2 – COOH 

    4 – cyno butane – 1 – oic acid 

C. Alkenes and Alkynes 

            CH≡C-CH=CH-CH=CH2

a. The two C=C functional groups are present at carbon atoms 1 and

group is present at carbon 5. 

b. These groups are indicated by suffixes ‘diene’ and ‘yne’ respectively.

c. The longest chain containing the functional groups has 6 carbon atoms; hence the parent 

hydrocarbon is hexane. The name 

Alkynes 
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– 1 oic acid   (Formic acid) 

– 1 oic acid (Acetic acid) 

COOH   (Propanoic acid) 

 nitrile 

nitrile 

 

2 

a. The two C=C functional groups are present at carbon atoms 1 and 3, while the C

b. These groups are indicated by suffixes ‘diene’ and ‘yne’ respectively. 

c. The longest chain containing the functional groups has 6 carbon atoms; hence the parent 

hydrocarbon is hexane. The name of compound, therefore, is Hexa-1,3- dien-5-yne

 

3, while the C≡C functional 

c. The longest chain containing the functional groups has 6 carbon atoms; hence the parent 

yne 



Alcohols 

   CH3CHOHCOOH is 2-hydroxypropanoic acid.

Ethers 

The shorter of the two chains becomes the first part of the name with the 

oxy, and the longer alkane chain 

Aldehydes 

Aldehydes (R-CHO) take the suffix "
numbered such that the aldehyde carbon is in the "1" position, unless functional groups of higher 
precedence are present. 
If a prefix form is required, "oxo
the end of a chain: CHOCH2COOH is 3
 If the carbon in the carbonyl group cannot be included in the attached chain 
case of cyclic aldehydes), the prefix "formyl
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hydroxypropanoic acid. 

 

The shorter of the two chains becomes the first part of the name with the -ane suffix changed to 

oxy, and the longer alkane chain becomes the suffix of the name of the ether.  

 

CHO) take the suffix "-al". If other functional groups are present, the chain is 
numbered such that the aldehyde carbon is in the "1" position, unless functional groups of higher 

If a prefix form is required, "oxo-" is used (as for ketones), with the position number indicating 
the end of a chain: CHOCH2COOH is 3-oxopropanoic acid. 
If the carbon in the carbonyl group cannot be included in the attached chain (for instance in the 

case of cyclic aldehydes), the prefix "formyl-" or the suffix "-carbaldehyde" is used: C6H11CHO 

 

ane suffix changed to -

al". If other functional groups are present, the chain is 
numbered such that the aldehyde carbon is in the "1" position, unless functional groups of higher 

" is used (as for ketones), with the position number indicating 

(for instance in the 
carbaldehyde" is used: C6H11CHO 



is cyclohexanecarbaldehyde. If an aldehyde is attached to a benzene and is the main functional 
group, the suffix becomes benzaldehyde.

Ketones 

In general ketones (R-CO-R) take the suffix "
position number: CH3CH2CH2COCH

If a higher precedence suffix is in use, the 
oxohexanal. 

Esters 

Esters (R-CO-O-R') are named as alkyl derivatives of carboxylic acids. The alkyl (R') group is 

named first. The R-CO-O part is then named as a separate word based on the carboxylic acid 

name, with the ending changed from

 For example, CH3CH2CH2CH2COOCH

(CH3)2CHCH2CH2COOCH2CH3

For esters such as ethyl acetate (CH

Ethyl formate (HCOOCH2CH3)  

Amines 
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is cyclohexanecarbaldehyde. If an aldehyde is attached to a benzene and is the main functional 
group, the suffix becomes benzaldehyde. 

 

R) take the suffix "-one" (pronounced own, not won) with an infix 
COCH3 is pentan-2-one.  

If a higher precedence suffix is in use, the prefix "oxo-" is used: CH3CH2CH2COCH

 

R') are named as alkyl derivatives of carboxylic acids. The alkyl (R') group is 

O part is then named as a separate word based on the carboxylic acid 

name, with the ending changed from -oic acid to -oate. 

COOCH3 is methyl pentanoate, and  

3 is ethyl 4-methylpentanoate.  

(CH3COOCH2CH3),  

 

 

is cyclohexanecarbaldehyde. If an aldehyde is attached to a benzene and is the main functional 

) with an infix 

COCH2CHO is 3-

R') are named as alkyl derivatives of carboxylic acids. The alkyl (R') group is 

O part is then named as a separate word based on the carboxylic acid 



Amines (R-NH2) are named for the attached alkane chain with the suffix "

CH3NH2 methanamine). If necessary, the bonding position is infixed: CH

1-amine, CH3CHNH2CH3 propan

For secondary amines (of the form R

atom becomes the primary name of 

location prefix given as an italic 

NR-R) are treated similarly: CH3

Again, the substituent groups are ordered alphabetically.

Amides 

Amides (R-CO-NH2) take the suffix "

group cannot be included in the main chain. The prefix form is both "carbamoyl

e.g          HCONH2 Methanamide,     CH3CONH2 Ethanamide.

Amides that have additional substituents on the nitrogen are treated similarly to the case of 

amines: they are ordered alphabetically with the location prefix

HCON(CH3)2 is N,N-dimethylmethanamide,

CH3CON(CH3)2 is N,N-dimethyethanamide.

Cyclic compounds 
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) are named for the attached alkane chain with the suffix "-amine" (e.g. 

necessary, the bonding position is infixed: CH3CH2CH

propan-2-amine. The prefix form is "amino-". 

For secondary amines (of the form R-NH-R), the longest carbon chain attached to the nitrogen 

atom becomes the primary name of the amine; the other chain is prefixed as an alkyl group with 

 N: CH3NHCH2CH3 is N-methylethanamine. Tertiary amines (R

3CH2N(CH3)CH2CH2CH3 is N-ethyl-N-methylpropanamine. 

substituent groups are ordered alphabetically. 

) take the suffix "-amide", or "-carboxamide" if the carbon in the amide 

group cannot be included in the main chain. The prefix form is both "carbamoyl-

2 Methanamide,     CH3CONH2 Ethanamide. 

Amides that have additional substituents on the nitrogen are treated similarly to the case of 

amines: they are ordered alphabetically with the location prefix N:  

dimethylmethanamide, 

dimethyethanamide. 

 

 

amine" (e.g. 

CH2NH2 propan-

R), the longest carbon chain attached to the nitrogen 

the amine; the other chain is prefixed as an alkyl group with 

methylethanamine. Tertiary amines (R-

methylpropanamine. 

carboxamide" if the carbon in the amide 

-" and "amido-". 

Amides that have additional substituents on the nitrogen are treated similarly to the case of 



Nomenclature of Substituted Benzene Compounds

Rules 

1) In case of substituted Benzene ,the substituent is placed as prefix to the word benzene

2) If benzene ring is disubstituted, the position of substituents

carbon atoms of the ring such that the substituents are located at the lowest numbers possible

Examples 

1. 

 

Here methyl is the substitutent, So IUPAC name is methyl benzene

2. 

 

Here two substituent are present and we take the

So, IUPAC name is 1,3Dibromo benzene

3.3.Molecular weight determination of organic acids and bases by silver salt and 

platinicchloride methods. Problems arriving empirical and molecular formula using 

percentage composition of elements and 
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Nomenclature of Substituted Benzene Compounds 

1) In case of substituted Benzene ,the substituent is placed as prefix to the word benzene

2) If benzene ring is disubstituted, the position of substituents is defined by numbering the 

carbon atoms of the ring such that the substituents are located at the lowest numbers possible

Here methyl is the substitutent, So IUPAC name is methyl benzene 

Here two substituent are present and we take the lowest number. 

So, IUPAC name is 1,3Dibromo benzene. 

3.3.Molecular weight determination of organic acids and bases by silver salt and 

platinicchloride methods. Problems arriving empirical and molecular formula using 

percentage composition of elements and molecular weight. 

1) In case of substituted Benzene ,the substituent is placed as prefix to the word benzene 

is defined by numbering the 

carbon atoms of the ring such that the substituents are located at the lowest numbers possible 

3.3.Molecular weight determination of organic acids and bases by silver salt and 

platinicchloride methods. Problems arriving empirical and molecular formula using 
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Empirical Formula: An empirical formula represents the simplest whole-number ratio of 
various atoms present in a compound. 
Example: For Acetylene the empirical formula is CH 
Molecular Formula: The molecular formula shows the exact number of different types of atoms 
present in a molecule of a compound.  
Example: For Acetylene the molecular formula is C2H2 

Molecular Formula = n × Empirical Formula
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3.4.Structural formula – Shapes of organic molecules. sp3, sp2 and sp hybridization in 

organic compounds with suitable examples. 

 Shapes of Organic molecules: SP3, SP2, SP Hybridization 

SP
3 

Hybridization: Methane (CH4) 

* During the formation of methane molecule, the carbon atom undergoes sp3 hybridization in the 

excited state by mixing one ‘2s’ and three 2p orbitals to furnish four half-filled sp3 hybrid 

orbitals, which are oriented in tetrahedral symmetry in space around the carbon atom.  

* Each of these sp3 hybrid orbitals forms a σsp
3

- s bond with one hydrogen atom.  Thus carbon 

forms four σsp
3

- s bonds with four hydrogen atoms.  

* Methane molecule is tetrahedral in shape with 109o28' bond angle. 

 

2) Ethane (C2H6) 

* Just like in methane molecule, each carbon atom undergoes sp3 hybridization   
in the excited state to give four sp3 hybrid orbitals in tetrahedral geometry. 
* The two carbon atoms form a σ sp3- sp3 bond with each other due to  
overlapping of sp3 hybrid orbitals along the inter-nuclear axis.  
   Each carbon atom also forms three σsp

3
-s  bonds with hydrogen atoms.  

* Thus there is tetrahedral symmetry around each carbon with ∠HCH &∠HCC bond angles 
equal to 109o28'. 
 

 

SP
2 

 Hybridization : Ethylene (C2H4) 

* During the formation of ethylene molecule, each carbon atom undergoes  

sp2 hybridization in its excited state by mixing 2s and two 2p orbitals to give  

threehalf filled sp2 hybrid orbitals oriented in trigonal planar symmetry.  
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  There is also one half filled unhybridized 2pz orbital on each carbon   

perpedicular to the plane of sp2 hybrid orbitals.  

 

* The carbon atoms form a σsp
2

-sp
2 bond with each other by using sp2 hybrid  

orbitals.  
   A πp-p bond is also formed between them due to lateral overlapping of  
unhybridized  2pz orbitals. Thus there is a double bond (σsp

2
-sp

2 &  πp-p)  
between two carbon atoms.  
* Each carbon atom also forms two σsp

2
-sp

2 bonds with two hydrogen atoms.  
* Thus ethylene molecule is planar with ∠HCH &∠HCC bond angles equal to  
   120o.  
* All the atoms are present in one plane. 

 

SP Hybridization : Acetylene (C2H2) 

* The ground state electronic configuration of 'C' is 1s2 2s2 2px
12py

1. There are only two unpaired 
electrons in the ground state. However, the valency of carbon is four i.e., it forms 4 bonds. In 
order to form four bonds, there must be four unpaired electrons. Hence carbon promotes one of 
its 2s electron into the empty 2pz orbital in the excited state. 

Thus in the excited state, the electronic configuration  of carbon is 1s2 2s1 2px
12py

12pz
1 
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* Each carbon atom undergoes 'sp' hybridization by using a 2s and one 2p orbitals  
in the excited state to give two half filled 'sp' orbitals, which are arranged  
linearly.  
* The two carbon atoms form a σsp-sp bond with each other by using sp-orbitals.  
   However there are also two unhybridized p orbitals i.e., 2py and 2pz on each  
carbon atom which are perpendicular to the sp hybrid orbitals. These orbitals  
form two πp-p bonds between the two carbon atoms.  
  Thus a triple bond (including one σsp-sp bond & two πp-p bonds ) is formed  
between carbon atoms.  
* Each carbon also forms a σsp-s bond with the hydrogen atom.  
* Thus acetylene molecule is linear with 180o of bond angle. 

 

 3.5.Classification of organic compounds as aliphatic, aromatic, alicyclic and hetero cyclic   

compounds. 

CLASSIFICATION OF ORGANIC COMPOUNDS 

 
 
3.6.Steric and electromeric effects. Inductive effect, +I and –I effects, resonance effects 

(delocalized chemical bonding), rules for resonance, resonance stabilization energy, 

hyperconjugation.Explanation with suitable examples for each. 
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INDUCTIVE EFFECT 

The polarization of a bond due to electron withdrawing or electron donating effect of 

adjacent groups or atoms is called inductive effect. 

ILLUSTRATION 

The C-Cl bond in the butyl chloride, CH3-CH2-CH2-CH2-Cl is polarized due to 

electronegativity difference. The electrons are withdrawn by the chlorine atom. Thus the first 

carbon atom gets partial positive charge. In turn, this carbon atom drags electron density partially 

from the next carbon, which also gets partial positive charge. Thus the inductive effect is 

transmitted through the carbon chain.  

 

But the inductive effect weakens away along the chain and is not significant beyond 3rd 

carbon atom. 

Types of inductive effect 

The inductive effect is divided into two types depending on their strength of electron 

withdrawing or electron releasing nature with respect to hydrogen.  

1) Negative inductive effect (-I):   

The electron withdrawing nature of groups or atoms is called as negative inductive effect. It 

is indicated by -I. Following are the examples of groups in the decreasing order of their -I effect:  

NH3
+ > NO2 > CN > SO3H > CHO > CO > COOH >COCl> CONH2 > F >Cl> Br > I > OH > 

OR > NH2 > C6H5 > H  

2) Positive inductive effect (+I):   

It refers to the electron releasing nature of the groups or atoms and is denoted by +I. 

Following are the examples of groups in the decreasing order of their +I effect.  

C(CH3)3 > CH(CH3)2 > CH2CH3 > CH3 > H 
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APPLICATION OF INDUCTIVE EFFECT 

1. Stability of carbonium ions:  

The stability of carbonium ions increases with increase in number of alkyl groups due to their 
+I effect. The alkyl groups release electrons to carbon, bearing positive charge and thus stabilizes 
the ion.  

2. Stability of free radicals:  

In the same way the stability of free radicals increases with increase in the number of alkyl 
groups.  

3. Stability of carbanions:  

However the stability of carbanions decreases with increase in the number of alkyl groups 
since the electron donating alkyl groups destabilize the carbanions by increasing the electron 
density.  

  

4. Acidic strength of carboxylic acids and phenols:  

The electron withdrawing groups (-I) decrease the negative charge on the carboxylate ion and 
thus by stabilizing it. Hence the acidic strength increases when -I groups are present.  

However the +I groups decrease the acidic strength.  

E.g.  

i) The acidic strength increases with increase in the number of electron withdrawing Fluorine 
atoms as shown below.  

CH3COOH < CH2FCOOH < CHF2COOH < CF3COOH  

CH3COOH <CH2ClCOOH< CHCl2COOH < CCl3COOH  

ii) Formic acid is stronger acid than acetic acid since the –CH3 group destabilizes the 
carboxylate ion.  

5. Basic strength of amines:  

The electron donating groups like alkyl groups increase the basic strength of amines whereas 
the electron withdrawing groups like aryl groups decrease the basic nature. Therefore alkyl 
amines are stronger Lewi bases than ammonia, whereas aryl amines are weaker than ammonia.  

Thus the order of basic strength of alkyl and aryl amines with respect to ammonia is 
:CH3NH2 > NH3 > C6H5NH2  

 

 



34 

Resonance Effect  

There are many organic molecules whose behaviour cannot be explained by a single 
Lewis structure. An example is that of benzene. Its cyclic structure containing alternating  C–C 
single and C=C  double bonds shown is inadequate for explaining its characteristic properties. 
However, as determined experimentally benzene has a uniform C–C bond distances of 139 pm, a 
value intermediate between the C–C single (154 pm) and C=C double (134 pm) bonds. Further, 
benzene can be represented equally well by the energetically identical structures I and II. 

 

Therefore, according to the resonance theory the actual structure (Resonace hybrid) of benzene 
cannot be adequately represented by any of these structures, rather it is a hybrid of the two 

structures (I and II) called resonance structures. The resonance structures (canonical 

structures or contributing structures) are hypothetical and individually do not represent any 
real molecule.   

Resonance Stabilisation Energy 

The difference in energy between the actual structure and the lowest energy (most stable) 
resonance structure is called the resonance stabilisation energy or simply the resonance 

energy.  

Rules for  resonance structures : The following rules are applied while writing resonance 
structures:  

1. Resonance only involves the delocalization of electrons. 
2. The resonance structures are interconvertible by one and series of electron-shifts . for ex 

 
3. Resonance hybrid is represented by a double headed arrow (  ↔ ).  
4. Resonance hybrid is more stable than any of its contributing forms (resonance structures). 
5. Resonance always increases the stability of a molecule and lessens its reactivity. 

Resonance Effect &Mesomeric Effect 

The electron withdrawing or releasing effect attributed to a substituent through delocalization 
of p or π electrons, which can be visualized by drawing various canonical forms, is known 
as mesomeric effect or resonance effect. It is symbolized by M or R. 



Negative resonance or mesomeric effect (

that withdraw electrons by delocalization mechanism from rest of the molecule and are denoted 
by -M or -R. The electron density on rest of the molecular entity is decreased due to this effect.

E.g. -NO2, Carbonyl group (C=O), 

Positive resonance or mesomeric effect (+M or +R):

effect when they release electrons to the rest of the molecule by delocalization. These groups are 
denoted by +M or +R. Due to this effect, the electron density on rest of the mo
increased. 

 E.g. -OH, -OR, -SH, -SR, -NH

Illustration and Application of 

1) The negative resonance effect (
electrons by delocalization of π electrons and reduces the electron density particularly on 3rd 
carbon. 

 2) The negative mesomeric effect (
illustrated below. The electron density on third carbon decreases due to 
electrons towards cyanide group.

Hyperconjucation (Or) Nobond Resonance (Or) Baker

• The delocalization of σ
p-orbital is called hyperconjugation.

• It occurs due to overlapping of 
with adjacent π-orbital or p

• It is also known as "no bond resonance" or "Baker

Conditions for hyperconjugation

* There must be an α-CH group or a lone 
atoms like nitrogen, oxygen etc. 

E.g., Alkenes, alkyl carbocations, alkyl free radicals, nitro compounds with

Illustration 

The displacement of σ-electrons towards the multiple bond occurs whe
on the α-carbon (which is adjacent to the multiple bond). This results in the polarization of the 
multiple bond.  
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Negative resonance or mesomeric effect (-M or -R): It is shown by substituents or groups 
t withdraw electrons by delocalization mechanism from rest of the molecule and are denoted 

R. The electron density on rest of the molecular entity is decreased due to this effect.

, Carbonyl group (C=O), -C≡N, -COOH, -SO3H etc. 

resonance or mesomeric effect (+M or +R):  The groups show  positivemesomeric 
effect when they release electrons to the rest of the molecule by delocalization. These groups are 
denoted by +M or +R. Due to this effect, the electron density on rest of the mo

NH2, -NR2 etc. 

Illustration and Application of mesomeric effect or resonance effect. 

1) The negative resonance effect (-R or -M) of carbonyl group is shown below. It withdraws 
ion of π electrons and reduces the electron density particularly on 3rd 

 

2) The negative mesomeric effect (-R or -M) shown by cyanide group in acrylonitrile is 
illustrated below. The electron density on third carbon decreases due to delocalization of 
electrons towards cyanide group. 

 

Hyperconjucation (Or) Nobond Resonance (Or) Baker-Nathen Effect 

The delocalization of σ-electrons or lone pair of electrons into adjacent
orbital is called hyperconjugation.  

due to overlapping of σ-bonding orbital or the orbital containing a lone pair 
orbital or p-orbital.  

It is also known as "no bond resonance" or "Baker-Nathan effect". 

Conditions for hyperconjugation  

CH group or a lone pair on atom adjacent to sp2 hybrid carbon or other 
  

E.g., Alkenes, alkyl carbocations, alkyl free radicals, nitro compounds with α

electrons towards the multiple bond occurs when there are hydrogens 
carbon (which is adjacent to the multiple bond). This results in the polarization of the 

It is shown by substituents or groups 
t withdraw electrons by delocalization mechanism from rest of the molecule and are denoted 

R. The electron density on rest of the molecular entity is decreased due to this effect. 

positivemesomeric 
effect when they release electrons to the rest of the molecule by delocalization. These groups are 
denoted by +M or +R. Due to this effect, the electron density on rest of the molecular entity is 

M) of carbonyl group is shown below. It withdraws 
 electrons and reduces the electron density particularly on 3rd 

M) shown by cyanide group in acrylonitrile is 
delocalization of π 

electrons or lone pair of electrons into adjacent  π-orbital or 

bonding orbital or the orbital containing a lone pair 

hybrid carbon or other 

α- hydrogen 

n there are hydrogens 
carbon (which is adjacent to the multiple bond). This results in the polarization of the 



E.g. In propene, the σ-electrons of C
orbital of doubly bonded carbon as represented below.

In the same way, the other hydrogens on the methyl group also participate in the 
hyperconjugation. This is possible due to free rotation of C
can also participate in the hyperconjugation. Thus t
resonance structures, which confer stability to it.

In the contributing structures: (II), (III) & (IV) of propene, there is
carbon and one of the hydrogen atom. Hence the hyperconjugation is also 
resonance". 
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electrons of C-H bond of methyl group can be delocalized into the
on as represented below. 

In the same way, the other hydrogens on the methyl group also participate in the 
hyperconjugation. This is possible due to free rotation of C-C bond so that the other C
can also participate in the hyperconjugation. Thus the propene molecule can show following 
resonance structures, which confer stability to it. 

In the contributing structures: (II), (III) & (IV) of propene, there is NO bond between an
carbon and one of the hydrogen atom. Hence the hyperconjugation is also known as "

H bond of methyl group can be delocalized into the π-

 

In the same way, the other hydrogens on the methyl group also participate in the 
C bond so that the other C-H bonds 

he propene molecule can show following 

bond between an α-
known as "no bond 
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  UNIT-IV 

Physical Properties of Materials 

Physical properties may be classified into the following types : 

(1) Additive Property  
When a property of a substance is equal to the sum of the corresponding properties of 
the constituent atoms, it is called an additive property. For example, molecular mass of a 
compound is given by the sum of the atomic masses of the constituent atoms.  

(2) Constitutive Property  
A property that depends on the arrangement of atoms and bond structure, in a molecule, 
is   referred to as a constitutive property. Surface tension and viscosity and optical 
activity are examples of constitutive property. 

(3) Additive and Constitutive Property  
An additive property which also depends on the intramolecularstructure , is called 
additive and constitutive property. Surface tension and viscosity are such properties. 

Scalars and Vectors quantity 

Definition: A Scalar quantity has only magnitude 

Scalar quantities: Length, area, Volume, Speed, Mass, Density, Pressure, Temperature, Energy,  

                               Entropy, Work , Power. 

 

Definition: A Vector quantity has both magnitude and Direction. 

Vectors quantities: Displacement, Velocity, Acceleration, Momentum, Force, Drag. 

 

Intensive property & Extensive properties:  

• An intensive property is a property of matter that depends only on the type of matter in 
a sample and not on the amount. Color, temperature, and solubility are examples 
of intensive properties 

� An intensive property is a bulk property, meaning that it is a physical property of a 
system that does not depend on the system size or the amount of material in the system. 
Examples of intensive properties include temperature, T, refractive index, n, density, ρ,  
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� Extensive properties: Mass and volume are examples of extensive properties.  
Colligative properties:  

� The properties of solutions that depend only on the number of solute particles in solution 
and not on the nature of the solute particle are called as Colligative properties.   
 

Four Colligative Properties   

� 1. Lowering of vapour pressure of solvent in solution  
� 2. Elevation of boiling point of solvent in solution  
� 3. Depression of freezing point of solvent in solution   
� 4. Osmotic pressure 

1. Definition of Vapor pressure of Liquid   

• The vapour pressure of a substance is defined as the pressure exerted by the gaseous state 
of that substance when it is in equilibrium with the solid or liquid phase.    

Concept of Lowering of vapour pressure of solvent in solution 

• Definition: The difference between vapour pressures of pure solvent and the vapor 
pressure ofsolvent from solution is called vapour pressure lowering.  

• The vapour pressure of a liquid solvent is lowered when a non –volatile solute is 
dissolved in it to form a solution.  

•  Thus vapour pressure of solution is lower than that of the pure solvent.  
Mathematical Expression for lowering of vapour pressure  

If  ���is the vapour pressure of pure solvent and P is the vapour pressure of the solution of 
nonvolatile solute in the same solvent, then � < ���and the lowering of vapour pressure is,  

  ∆� = �� 
 � � 

2. Boiling point: 

Boiling point is defined as the temperature at which the vapour pressure of  liquid 
becomes equal to the atmospheric pressure.  

Concept of Elevation of boiling point   

Definition - Elevation of boiling point is the difference between boiling points of solution and 
that of pure solvent.  

1. The vapour pressure of a solution of non-volatile solute is always less than the vapour 
pressure of pure solvent.   

2. The temperature must be increased by ∆�� = � − �� 
3. Where T is boiling point of solution and T0 that of pure solvent and T > T0 ,    ∆�� is 

elevation of boiling point   
 

3. Depression of freezing point: 
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Freezing point: Freezing point of a liquid is a temperature at which the vapour pressure of solid 
is equal to the vapour pressure of liquid.   

Depression of freezing point:  

• Solution has lower vapour pressure than pure solvent and hence freezes at lower 
temperature than pure solvent.  

• Thus depression of freezing point is the difference between the freezing point of pure 
solvent and freezing point of solution contaning non-volatile solute.   

• Therefore any solution of the solute must have freezing point T, lower than that of the 
pure solvent.    

∆�� = �� − � 

4. Definition of Osmosis-   

The spontaneous and unidirectional flow of solvent molecules through a semi permeable 
membrane, into the solution or flow of solvent from a solution of lower concentration to the 
solution of higher concentration through a semi permeable membrane is called osmosis. 

Osmotic Pressure: 

The excess of pressure on the side of solution that stops the net flow of solvent into solution 
through semipermeable membrane is called osmotic pressure.   

Alternative Definition of Osmotic Pressure (π)  

• Osmotic pressure of a solution can also be defined as the excess mechanical pressure 
which must be applied on the side of solution to stop the flow of solvent molecules 
through semipermeable membrane into the solution.   

Osmosis in day today life:   

• 0.91 % solution of sodium chloride (called saline water) is isotonic with Human 
Blood. Thus medicines are mixed with saline water during intravenous injections 
which prevents blood cells from shrinking or bursting.  

• When blood cells are kept in hypertonic solution (5% NaCl), water comes out of the 
cells and they shrink in size. While when blood cells are kept in hypotonic solution 
(Distilled water) water flows into the cell and they swell or burst.. 

• Osmotic pressure is responsible for transporting water upward from soil to top of 
trees. In plants the leaves of the tree loose water to the atmosphere constantly by 
transpiration. The solute concentration in leaf fluid increases and water is pulled up 
by osmotic pressure. In case of some of the tall trees, water reaches to the height of 
almost 120 meters by osmosis and capillary action. 
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Depression of the Freezing Point of a Solvent 

� Solutions freeze at lower temperatures than pure liquids. This phenomenon is exploited in 
“de-icing” schemes that use salt, calcium chloride, or urea to melt ice on roads and 
sidewalks,  

� and in the use of ethylene glycol as an “antifreeze” in automobile radiators.  

� Seawater freezes at a lower temperature than fresh water, and so the Arctic and Antarctic 
oceans remain unfrozen even at temperatures below 0 °C (as do the body fluids of fish 
and other cold-blooded sea animals that live in these oceans). 

Vapor Pressure Lowering 

� In some steam engines the cylinder can be cooled to lower the vapor pressure of the 
steam and create a suction on the back side of the piston to get extra power.  

� Vapor Pressure Lowering—explains the value of putting antifreeze in your radiator to 
keep a car from overheating   

Boiling Point Elevation 

� Adding salt to boil food raises the Boiling Point.  

� Probably the most practical example is, again, antifreeze. In your car the antifreeze 
lowers the freezing point, but it also raises the boiling point. 

Osmotic Pressure 

� Nature's way of purifying water (Reverse Osmosis). 
Dipole Moment: In a molecule such as HCl, the bonding electron pair is not shared equally between the 
hydrogen atom and the chlorine atom. The chlorine atom with its greater electronegativity, pulls the 
electron pair closer to it. This gives a slight positive charge (+q) to the hydrogen atom and a slight 
negative charge (– q) to the chlorine atom. 

Such a molecule with a positive charge at one end and a negative charge at the other end is referred to as 
an electric dipole or simply dipole. The degree of polarity of a polar molecule is measured by its dipole 
moment, µ (Greek mu). The dipole moment of a polar molecule is given by the product of the charge at 
one end and the distance between the opposite charges. Thus, µ = q × r  

The dipole moment (µ) is a vector quantity. It is represented by an arrow with a crossed tail. 

Unit of Dipole Moment :The CGS unit for dipole moment is the debye, symbolised by D, named after 
the physical chemist Peter Debye (1884-1966). A debye is the magnitude of the dipole moment (µ) when 
the charge (q) is 1 × 10–10 esu (electrostatic units) and distance (r) is 1Å (10–8 cm). 

µ = q × r = 1 × 10–10 × 10–8 = 1 × 10–18 esu cm Thus   

1 D = 1 × 10–18 esu cm 
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Bond Moment : Any bond which has a degree of polarity has a dipole moment. This is called Bond 
moment. The dipole moment of H—H bond is zero because it is nonpolar. The dipole moment of the H—
Cl bond is 1.08 D because it is polar. In a diatomic molecule, the bond moment corresponds to the dipole 
moment of the molecule. The dipole moments of the halogen halides shown below also indicate their 
bond moments. 

1.91D                               1.08 D 

 
H   F             H C l 
 

Dipole Moment and Ionic Character: The magnitude of the dipole moment of a diatomic molecule 
determines its ionic character. Let us consider an HBr molecule whose measured dipole moment (µexp) is 
0.79 D and bond distance (r) = 1.41Å. 

If the molecule were completely ionic (H+
Br

–
), each of the ions will bear a unit electronic charge, 

e (4.8 × 10–10 esu). Thus the dipole moment of the ionic molecule (µionic) can be calculated. 
 

µionic = e × r = (4.8 × 10–10 esu) (1.41 × 10–8 cm) = 6.77 D 

But the experimental dipole moment (µexp) of Hδ+—Brδ–, which determines its actual fractional ionic 
character, is 0.79 D. Therefore, 

% ionic character of HBr = µ expt /µ ionic x 100 = 0.79D/ 6.77 D X 100 =11.6 Hence HBr is 12% ionic 
in character 

Bond length or Bond distance  

1.  In molecular geometry, bond length or bond distance is the average distance between nuclei  
of two bonded atoms in a molecule.  
2.  Generally, the length of the bond between two atoms is approximately the sum of the     
covalent radii of the two atoms.  
3.  Bond length is reported in picometers. 
 
Calculation of bond length: 

1. Step 1: Draw the Lewis structure of HCl. 

2. Step 2: Determine the radii for each atom bonded together (using a bond length chart) H: 31& 
Cl:102picometers.  

3. Step 3: Sum the total radii. HCl = 31 + 102 = 133 picometers.  

 

Calculation of %ionic character from electronegativity difference: 

Subtract the lower electronegativity value from the higher to find the difference between the 
two. In the case of HBr, the difference is 2.8 - 2.1 = 0.7. Multiply value you calculated by 100 
to obtain the percentage of ionic character of the bond. 
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Paramagnetic  : A single electron spinning on its own axis generates a magnetic field and behaves like a 

small magnet. Therefore a substance with an orbital containing an unpaired electron will be attracted into 

the poles of an electromagnet. It follows that any atom, ion or molecule that contains one or more 

unpaired electrons will be paramagnetic. When an orbital contains two electrons (↑↓), their spins are 

opposed so that their magnetic fields cancel each other. Thus an atom, ion or molecule in which all 

electrons are paired will not be paramagnetic. 

Diamagnetic :Most atoms or molecules have all their electrons paired (↑↓). These are repelled by a 

magnetic field and are said to be diamagnetic. This can be explained in a simple way. When an external 

magnetic field is applied to such a substance, it sets up tiny currents in individual atoms as if in a wire. 

These electric currents create new electric field in the opposite direction to the applied one. This causes 

the repulsion of the substance when placed in a magnetic field. 

Ferromagnetic : Iron has four incompleted d orbitals having single electrons with spins aligned. The 

magnetic field due to these four unpaired electrons adds up to make iron strongly paramagnetic or 

ferromagnetic. 

Curie Temperature: 

Curie point, also called Curie Temperature, temperature at which certain magnetic materials 
undergo a sharp change in their magnetic properties.  
For a ferromagnetic material, Curie temperature or Curie point (TC) is the critical temperature 
above which the material becomes paramagnetic. For iron the Curie point is 760 °C and for 
nickel 356 °C. It was named after the French physicist Pierre Curie (1859-1906). 
Magnetic susceptibility is a dimensionless proportionality constant that indicates the             degree of 

magnetization of a material in response to an applied magnetic field. 

In electromagnetism, the magnetic susceptibility is one measure of the magnetic properties of a material. 

The susceptibility indicates whether a material is attracted into or repelled out of a magnetic field.  

The magnetic susceptibility of a material, commonly symbolized by χm, is equal to the ratio of the 

magnetization M within the material to the applied magnetic field strength H, or χm = M/H.  

A related term is magnetizability, the proportion between magnetic moment and magnetic flux density. 

Measurement of Magnetic Properties : 

The magnetic properties of substances can be measured with the help of a magnetic balance or 

Gouy balance .The sample under investigation is first weighed without the magnetic field. 

Then it is suspended between the poles of a strong electromagnet. A diamagnetic substances is 

pushed out of the field and weighs less. On the other hand, a paramagnetic substance is pulled into the 

field and weighs more. The difference in the sample weight when there is no magnetic field and the 

weight on the application of the field, determines the magnetic susceptibility of the substance. 
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Spin-Only Formula: 

A paramagnetic molecule or ion contains one or more unpaired electrons. Each spinning 
electrons behaves like a magnet and has a magnetic moment. The magnetic moment (µ) of a 
molecule or ion due to the spin of the unpaired electrons is expressed by the formula  

�(���� − ����) = √�(� + �) 

where µ is the magnetic moment in magnetons and n is the number of unpaired electrons. 
 
The molar volume, symbol Vm, is the volume occupied by one mole of a substance (chemical 
element or chemical compound) at a given temperature and pressure. It is equal to 
the molar mass (M) divided by the mass density (ρ). 
 
Definition of surface tension. : the attractive force exerted upon the surface molecules of a 
liquid by the molecules beneath that tends to draw the surface molecules into the bulk of the 
liquid and makes the liquid assume the shape having the least surface area. 
 
Parachor is a quantity defined according to the formula: P = γ1/4 M / d. where γ1/4 is the fourth 
root of surface tension, M is the molar mass, and d is the density. Parachor has a volume 
multiplier and is therefore extensible from components to mixtures. Parachor "has been used in 
solving various structural problems" 
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Unit V  Introduction to computers: 

 

What is a Computer? 

A computer is an electronic device that accepts data from the user, processes it, produces 

results, displays them to the users, and stores the results for future usage. 

Data is a collection of unorganized facts & figures and does not provide any further information 

regarding patterns, context, etc. Hence data means "unstructured facts and figures". 

Information is a structured data i.e. organized meaningful and processed data. To process the 

data and convert into information, a computer is used. 

Functions of Computers 

A computer performs the following functions − 

• Receiving Input: Data is fed into computer through various input devices like keyboard, 

mouse, digital pens, etc. Input can also be fed through devices like CD-ROM, pen drive, 

scanner, etc. 

• Processing the information: Operations on the input data are carried out based on the 

instructions provided in the programs. 

• Storing the information: After processing, the information gets stored in the primary or 

secondary storage area. 

• Producing output: The processed information and other details are communicated to the 

outside world through output devices like monitor, printer, etc. 

Types of Computers: 

1. Super Computers: 

� Supercomputers are Very Fast and Most Powerful and are very expensive. 

� Supercomputers are optimized to execute a few numbers of programs at a very high 

speed. 

� Due to their inhibiting cost, they are used in high end places like in scientific research 

centres. 

� The supercomputer consists of thousands of processors making it clock very high speed. 

� These computer types are also very large in size due to the numerous parts and 

components involved in their design. 
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� A Supercomputer is focused on performing tasks involving intense numerical 

calculations such as weather forecasting, fluid dynamics, nuclear simulations, theoretical 

astrophysics, and complex scientific computations 

2. Mainframe computers  

� These are large and expensive computer types capable of supporting hundreds, or even 

thousands, of users simultaneously. 

� Thus, they are mostly used by governments and large organizations for bulk data 

processing, critical applications, transaction processing, census, industry and consumer 

statistics among others. 

� They are ranked below supercomputers. 

3. Minicomputers (mid-range computers)  

� Minicomputers are mid sized computers. • In terms of size and power, minicomputers 

are ranked below mainframes.  

� A minicomputer is a multiprocessing system capable of supporting from 4 to about 200 

users simultaneously. 

4. Microcomputers or Personal computers  

� A personal computer is a computer designed to be used by one user at a time. 

� The term microcomputer relates to microprocessor which is used with a personal 

computer for the purpose of processing data and instruction codes. 

• Desktop computers –Very small computers of this kind may be integrated into the monitor. 

• In-car computers– Built into automobiles, for entertainment, navigation, etc. 

• Laptop Computers and notebook computers – Portable and all in one case. 

• Tablet computer – Like laptops, but with a touch-screen, entirely replacing the physical 

keyboard. 

• Smartphones, smart books, and Palmtop computers – Small handheld personal computers 

with limited hardware specifications. 

• Programmable calculator– Like small handhelds, but specialized on mathematical work. 

• Video game consoles – Fixed computers built specifically for entertainment purposes. 

• Handheld game consoles – The same as game consoles, but small and portable. 

Different components of computer: 

Computer systems consist of three components as shown in below image: 
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 Central Processing Unit, Input devices and Output devices. 

Input devices: Input devices provide data input to processor, which processes data and generates 

useful information that’s displayed to the user through output devices. This is stored in 

computer’s memory. 

Computer - Input Devices- Keyboard.Mouse, Joy Stick, Light pen, Track Ball, Scanner, Graphic 
Tablet, Microphone. 

 

Central Processing Unit: 

The Central Processing Unit (CPU) is called "the brain of computer" as it controls operation of 

all parts of computer. It consists of two components: Arithmetic Logic Unit (ALU), and Control 

Unit. 

� Arithmetic Logic Unit (ALU) 

Data entered into computer is sent to RAM, from where it is then sent to ALU, where rest of 

data processing takes place. All types of processing, such as comparisons, decision-making and 

processing of non-numeric information takes place here and once again data is moved to RAM. 

� Control Unit 

As name indicates, this part of CPU extracts instructions, performs execution, maintains and 

directs operations of entire system. 

Functions of Control Unit 

Control unit performs following functions − 

• It controls all activities of computer 

• Supervises flow of data within CPU 

• Directs flow of data within CPU 

• Transfers data to Arithmetic and Logic Unit 

• Transfers results to memory 
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• Fetches results from memory to output devices 

Memory Unit: 

This is unit in which data and instructions given to computer as well as results given by 

computer are stored. Unit of memory is "Byte". 

1 Byte = 8 Bits 

Output devices:  Monitor, Printer, Headphones, Computer Speakers, Projector, Sound Card, 

Video Card. 

Constant and Variables: 

In computer programming, a constant is a value that cannot be altered by the program during 
normal execution, i.e., the value is constant.  

This is contrasted with a variable, which is an identifier with a value that can be changed during 
normal execution, i.e., the value is variable. 

Bits and Bytes. 

� At the smallest scale in the computer, information is stored as bits and bytes. 

� The byte is a unit of digital information that most commonly consists of eight bits. 

� Historically, the byte was the number of bits used to encode a single character of text in 

a computer and for this reason it is the smallest addressable unit of memory in many 

computer architectures 

Bit:  All computers work on a binary numbering system, i.e. they process data in one's or 

zero's. This 1 or 0 level of storage is called a bit. 

� A byte consists of eight bits. 
� A kilobyte (KB) consists of 1024 bytes. 
� A megabyte (MB) consists of 1024 kilobytes. 
� A gigabyte (GB) consists of 1024 megabytes. 

 

What are the number systems in Computer? 

Number systems are the technique to represent numbers in the computer system architecture, 

every value that you are saving or getting into/from computer memory has a defined number 

system. 
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Computer architecture supports following number systems. 

1) Binary Number System 

A Binary number system has only two digits that are 0 and 1. Every number (value) represents 

with 0 and 1 in this number system. The base of binary number system is 2, because it has only 

two digits. 

2) Octal number system 

Octal number system has only eight (8) digits from 0 to 7. Every number (value) represents with 

0,1,2,3,4,5,6 and 7 in this number system. The base of octal number system is 8, because it has 

only 8 digits. 

3) Decimal number system 

Decimal number system has only ten (10) digits from 0 to 9. Every number (value) represents 

with 0,1,2,3,4,5,6, 7,8 and 9 in this number system. The base of decimal number system is 10, 

because it has only 10 digits. 

4) Hexadecimal number system 

A Hexadecimal number system has sixteen (16) alphanumeric values from 0 to 9 and A to F. 

Every number (value) represents with 0,1,2,3,4,5,6, 7,8,9,A,B,C,D,E and F in this number 

system. The base of hexadecimal number system is 16, because it has 16 alphanumeric values. 

Here A is 10, B is 11, C is 12, D is 13, E is 14 and F is 15. 

Table of the Numbers Systems with Base, Used Digits,: 

Number system Base Used digits 
Binary 2 0,1 
Octal 8 0,1,2,3,4,5,6,7 
Decimal 10 0,1,2,3,4,5,6,7,8,9 
Hexadecimal 16 0,1,2,3,4,5,6,7,8,9, 

A,B,C,D,E,F 
 

 
5.2. Algorithm: 

Algorithm is a step-by-step procedure, which defines a set of instructions to be executed in a certain 
order to get the desired output. Algorithms are generally created independent of underlying languages, 
i.e. an algorithm can be implemented in more than one programming language. 



Flowchart  

A flowchart is a type of diagram that represents a workflow or process. 
A flowchart can also be defined as a diagrammatic representation of an algorithm, a step
approach to solving a task.  
The flowchart shows the steps as boxes of various kinds, and their order by connecting the boxes with 
arrows. 

 

Operating system (OS): 

• An operating system (OS) is

resources, and provides common services for

• The dominant desktop operating system
around 82.74%. 

• An operating system, or "OS
other programs to run.  

• Mobile devices, such as tablets and smartphones also include

systems that provide a GUI and can run applications. 

• Common mobile OSes include Andr

 

Types of operating system: 
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is a type of diagram that represents a workflow or process.  
also be defined as a diagrammatic representation of an algorithm, a step

shows the steps as boxes of various kinds, and their order by connecting the boxes with 

 

(OS) is system software that manages computer hardware, software 

resources, and provides common services for computer programs.  

operating system is Microsoft Windows with a market share of 

OS," is software that communicates with the hardware and allows 

Mobile devices, such as tablets and smartphones also include operating 
a GUI and can run applications.  

Common mobile OSes include Android, iOS, and Windows Phone. 

also be defined as a diagrammatic representation of an algorithm, a step-by-step 

shows the steps as boxes of various kinds, and their order by connecting the boxes with 

hardware, software 

is Microsoft Windows with a market share of 

," is software that communicates with the hardware and allows 



50 

 

Operators: 

 

Hierarchy of Operations: 

 

 
Elements of Basic Language: BASIC is an acronym for beginners’ all-purpose symbolic 
instruction code.BASIC is the name of a high level programming language developed at 
Dartmouth College, New Hampshire USA under the auspices of professors John G Kemeny and 
Thomas E. Kutz during their academic years- 1963-64.  

The language was developed. To teach beginners the basic construct s of programming theory 
and as much, one of the easiest programming languages to learn. 

As a high level programming language program code written in written in BASIC must be 
translated to its equivalence in machine code before it can be executed on the computer. 

 A BASIC interpreter (i.e. translator software) is needed for this purpose.  



51 

We call the program source code before it translated by the interpreter while the translated 
version, ready for execution, is called the object code.  

However, interpreter is not the only translator used in programming.  

Compilers are used by several other high-level programming languages such as C++, Pascal, etc 
while assemblers are used by assembly languages. Java has both interpreter and complier 
Translates the sources code line by line and statement by statement Does not generates an 
intermediates object code from the source code and Translates and executes the sources code 
simultaneously 

Basic key words: 

BASIC Character Set Alphabets Letters: A-Z; a-z  

Digits Numbers: 0-9  

Special characters: ?, (,), +, =, *, &, ”, %, $, n, !, >, 

Commands: 

The command line functions are: FILE, EDIT, VIEW, SEARCH, RUN, DEBUG, OPTIONS 
 and HELP., 

Compiled verses interpreted languages; 

In a compiled language, the target machine directly translates the program. 

 In an interpreted language, the source code is not directly translated by the target machine. 
Instead, a different program, ask the interpreter, reads and executes the code. 

Interpreters run through a program line by line and execute each command. 

Compiled languages are converted directly into machine code that the processor can execute. As 
a result, they tend to be faster and more efficient to execute than interpreted languages.  

Logical and Relative operators: 
Logical Operations in BASIC Logical operations in BASIC involve use of logical operators NOT. AND 
OR which must yield logical values TRUE (T) or FALSE (F). The use of operators discussed below. 
NOT – this logical operator has the highest precedence or priority over others and affects only one 
operand or variable at a time. 
C) Relational Operators - The relational operators are typically used with IF-THEN-ELSE statements or 

DOWHILE...CONTINUE to evaluate the expression used in the logic statement.  

Relative operators: 
> - Greater than. 
< - Less than. 
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= - Equal to. 
>= - Greater than or equal to. 
<= - Less than or equal to. 
AND - Logical and: IF( X> 5 AND Y < 2) THEN 
OR - Logical or: IF( X> 5 OR Y < 2) THEN 
NOR - Logical nor: DOWHILE ( X> 5 NOR Y < 2) 
 
Functional  operators  are  inbuilt  operators  that  the programmer  can  call  or  invoke  from  BASIC 
functions library to solve some programming related problems instead of writing the code that will solve 
such  problems himself. Examples of such functions include: COS, SIN, ABS, SORT,  TAN, SUM,  
LEN,  etc  for  cosine,  sine,  absolute,  square  root,  tangent,  summation,  and  word-  length functions 
respectively.  

Example: Given that x = 45
o

, Develop a BASIC program that generate and display the sine, cosine and Tan of x.  
Solution   
10 LET X = 45  
20 LET P = SINE (X)  
30 LET Q = COS (X)  
40 LET R = TAN (X)  
50 PRINT P, Q, R  
60 END 

1. Simple program 

5 REM 
MULTIPLICATION    

Dummy statement 

10 LET A= 3 Input statment 
20 LET B= 5 Input statement 
30 LET C= A*B  Processing statement 
40 PRINT C Output statement 
50 END 
 

Control statement 

Calculation of Rate constants: 

 R =k [A]n x [B]m 

                k = r / [A]n x [B]m 

10       REM   RATE CONSTANT   

20    READ   r, A, B, n, m 

30   LET k = r / A^ n *B^ m 

40   PRINT  “Rate Constant  =  ”; M 

50   END 

 

Calculation of Normality : 
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Normality = Weight of Solute (gram) / [Equivalent weight × Volume (L)] 

N = W / [E x V] 

 

10   REM   NORMALITY   Dummy statement 
20   READ   W, E, V        Input statment 
30   LET N = W/[E* V]       Processing statement 
40   PRINT  “ Normality =  ”; N       Output statement 
50   END        Control statement 
Calculation of Molarity: 

Molarity = weight of the solute/ Volume of solution in litres 

M = W X V 

10    REM   NORMALITY   
20    READ   W, V 
30   LET M = W/ V 
40   PRINT  “ Molarity =  ”; M 
50   END 
Calculation of Average velocity:  

Vav= u1 + u2 /2  

10    REM   AVERAGE VELOCITY   
20    READ   u1 , u2 
30   LET V = u1 + u2 / 2 
40   PRINT  “Average velocity =  ”; V 
50   END 
 

Calculation of RMS velocity: 

VRMS = √3RT /M 

10    REM   RMS VELOCITY   
20    READ   R , T, M 
30   LET V = ((3*R*T)/M) ^ ½ 
40   PRINT  “Average velocity =  ”; V 
50   END 

 
5.3. List of computer software and their uses in chemistry. 
S.N Topic Computer Program needed 
1 Chemical structure drawing 

software. 
ACD “chemsketch” program, Chemdraw 

2 Electronic Structure methods Hyperchem / Winmopac (freeware) 
3 Molecular Dynamics programs. Hyperchem /NAMD (freeware) 
4 Spectroscopy (Data collection, Origin, (to be purchased), Gnuplot, NUTS 
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Data processing, and 
visualization) 

freeware, etc.. 
 

5 Utility in X-ray crystal 
structure modelling 

Xtal, Shellx, ORTEP (freeware) 
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II YEAR - III SEMESTER 

COURSE CODE: 7BCH3C1 

 

CORE COURSE - V - ORGANIC CHEMISTRY – I 

 
Unit I   Isomerism: 

1.1. Constitutional Isomerism (Structural isomerism) such as chain isomerism, functional 
isomerism, positional isomerism, tautomerism. 
 1.2.  Conformational Analysis: two dimensional representations of three dimensional 
molecular structures such as Fischer projection, Newman projection and sawhorse formula. 
Conformations and their relative stabilities of ethane, propane and butane.Stability of cyclic 
hydrocarbons, Bayer strain theory and its modification.Conformations of cyclohexane. 
 1.3.  Configurational Isomerism (Stereo isomerism): Geometrical isomerism and E – Z 
notation.  Cis – trans isomerism in maleic and fumaric acid, 2- buteen and di-substituted 
cyclohexane derivatives.  
 1.4. Optical Isomerism: Conditions for a compound to be optically     active with 
suitable examples. Optical activity, specific rotation and its experimental method of 
determination. .   Absolute configuration.R and S notation of configurational 
isomers.Enantiomers and diastereomers.Optical isomerism in lactic acid and tartaric acid.Optical 
activity in substituted biphenyles, allenes, spiranes and organic nitrogen derivatives.Racemic 
mixture and resolution of racemic mixtures by chemical and chromatographic 
methods.Calculating enantiomeric excess and optical purity.Biological importance of 
configurational isomerism. 
 
Unit II 

2.1. Reaction intermediates:Homolytic fission and Heterolytic fission of bonds. Sources 
and stability of carbocations and carbanions. Role of Steric and electromeric effects on the 
stability of reaction intermediates. Relative stabilities of primary, secondary, tertiary and 
allylcarbocations, carbanions and free radicals.Nucleophilic and electrophilic reagents. 

2.2. Types of reactions: Substitution, addition, elimination, rearrangement, insertion and 
polymerization reaction with suitable examples.  SN1, SN2, SNI, SE1, SE2 E1 and E2reaction 
mechanisms.Competition between SN1 and E1.Structural and medium preference between 
competing reactions. 

2.3. Free radicals: sources of free radicals, stability of free radicals. Role of steric and 
electromeric effects on the stability of free radicals.Long living and short living free 
radicals.Mechanism of reactions involving free radicals.Radical inhibitors and their role in food 
preservation.BHA and vitamin E. Carbenes, formation structure and electrophilic and 
nucleophilic nature of carbenes. 
 
Unit III 

3.1. Aliphatic hydrocarbons: classification of hydrocarbons – alkanes, alkenes alkynes 
and cycloalkanes. Sources of alkanes, petroleum refining, catalytic cracking.Structure and 
properties of alkanes.Uses of alkanes, LNG, LPG and gasoline.Octane number and its variation 
with structure. 

3.2. Alkenes: preparation of alkenes by catalytic cracking, dehydration, 
dehydrohalogenation. Bredt’s rule, Zaitsav’s rule and Hoffman products.Cis – trans isomerism in 
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alkenes and their relative stabilities.Properties of alkenes. Electrophilic addition to double bonds 
-  hydrohalogenation and markovnikov’s rule. Halogenation – halonium ion formation. Free 
radical addition and peroxide effect. Hydration – oxymercuration and demercuration, 
hydroboration. Hydrogenation of alkenes addition of carbenes to alkenes.Epoxidation and 
hydroxylation – osmium tetrxoide hydroxylation.Osonolysis, polymerization and hydrogenation 
of alkenes.Commercial importance of alkenes. 

3.3. Alkynes: Synthesis of alkynes from acetylide ion, by elimination reaction, 
manufacture of acetylene. Acidity of alkynes and the synthesis of other alkynes from acetylide 
ion.Reduction of alkynes by using lithium in ammonia and hydrogenation over the Lindlar 
catalyst.Addition of hydrogen halides, halogens to alkynes. Mercury (II) catalyzed hydration of 
alkynes. Oxidation of alkynes by hydroboration reaction.Commercial importance of acetylene 
and methyl acetylene and MAPP gas. 
 
Unit IV  Aromatic hydrocarbons: 

4.1. Sources of aromatic compounds: Naming of aromatic compounds (aryl derivatives 
and aryl substituted alkyl derivatives). Structure and stability of benzene, molecular orbital 
theory.Aromaticity and the 4n + 2 (Huckel rule).Aromaticity of ions. Polycyclic aromatic 
compounds, annulenes. 

4.2. Reactions of benzene: electrophilic aromatic substitutions. Halogenation, alkylation, 
acylation, nitration, sulphonation and hydroxylation and their mechanisms.Nucleophilic 
substitution reactions.Wurtz – Fittig reaction, comparison with Friedel – Crafts reaction. 

4.3. Substituent effect on further substitution. Activating and deactivating groups. 
Directing effects, ortho, para directing groups and meta directing groups. Explanation for 
activating and directing effects of substituents in the conversion of mono substituents into 
disubstituents.  Additive effects in the conversion of di- substituted into tri- substituted aromatic 
compounds.    
 
Unit V   Alcohols, Phenols and Ethers:    

 5.1. Alcohols: classification of alcohols, preparation properties and uses of alcohols. 
Rectified spirit, absolute alcohol, methylated spirit and power alcohol.Preparation, properties and 
uses of allyl alcohol. Polyhydric alcohol: Estimation of number of hydroxyl groups in a 
polyhydric  alcohol.  
 5.2. Phenols: Preparation and properties phenols. Comparison of phenols with 
alcohols.Libermann, Lederer – Manasse, Reimer – Tiemann reactions.Elbspersulphate 
reaction.Conversion of phenol in to phenolic acids.Preparation properties and uses of substituted 
phenols such as anisole and quinols.Preparation and properties of catechol, resorcinol, 
pyrogallol, hydroxylquinol and phloroglucinol.Conversion of catechol into safrole.Protection of 
hydroxyl groups and their regeneration. 
 5.3. Ethers: Preparation of diethyl ether, chlorex and vinyl ether.Estimation of alkoxy 
group– Zeisel’s method. Thioalcohols and thioethers: Preparation and uses of ethyl mercaptan, 
sulphonal, epoxides and mustard gas. Peroxides – preparation, properties and uses. Aromatic 
ethers, preparation properties and uses of guaicol, veratrole, eugenol, anetholephenacetin and 
dulcin.Conversion of ethers into alcohols.Crown ethers.Organic sulphides. 
 

 



Unit I   Isomerism: 
1.1- Isomerism: 

Isomers are the compounds with the same qualitative and 
their relative molecular weights and general formulas are identical, but their structures 
3D arrangement – are different. 

Structural isomerism 

Isomerism of the carbon skeleton 

Positional isomerism 

Functional isomerism 

Tautomerism 

A special case of structural isomerism is tautomerism. Tautomers are the isomer compounds differing 
from each other in the position of a double bond and of a mobile hydrogen atom. Tautomers regularly 
cannot be separated from each other, due to the easy interconversion of them.
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Isomers are the compounds with the same qualitative and quantitative composition of elements, therefore 
their relative molecular weights and general formulas are identical, but their structures –

 

 

 

A special case of structural isomerism is tautomerism. Tautomers are the isomer compounds differing 
from each other in the position of a double bond and of a mobile hydrogen atom. Tautomers regularly 

separated from each other, due to the easy interconversion of them.

 

quantitative composition of elements, therefore 
– including in the 

A special case of structural isomerism is tautomerism. Tautomers are the isomer compounds differing 
from each other in the position of a double bond and of a mobile hydrogen atom. Tautomers regularly 



1.2 Conformational analysis of acyclic and cyclic systems

All such arrangements of the atoms in a molecular structure, in space, which are possible because of the 
concept of free rotation around a single (sigma) bond are known as Conformations of the molecule. Since 
conformations are obtained on rotation around a bond, they are sometimes also called rotamers. It can 
also be said that conformations are different arrangement of atoms
by rotation about a single bond. The study of the preferred conformation in a molecule and relating their 
physical and chemical properties to their preferred conformation is known as Conformational analysis.

Methane has only one carbon atom and so only one spatial arrangement is possible whereas ethane could 
be represented as shown in the form of saw

In the above representation the dark
dotted lines to be above the plane of paper.

Newman projection formulae as shown. In writing Newman projection formulae the molecule is viewed 
from the top along the C— C bond. The top carbon atom is shown as a dot and bottom carbon atom as a 
circle with three hydrogen attached to each one of them.
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Conformational analysis of acyclic and cyclic systems: 

All such arrangements of the atoms in a molecular structure, in space, which are possible because of the 
rotation around a single (sigma) bond are known as Conformations of the molecule. Since 

conformations are obtained on rotation around a bond, they are sometimes also called rotamers. It can 
also be said that conformations are different arrangement of atoms that can be converted into one another 
by rotation about a single bond. The study of the preferred conformation in a molecule and relating their 
physical and chemical properties to their preferred conformation is known as Conformational analysis.

has only one carbon atom and so only one spatial arrangement is possible whereas ethane could 
be represented as shown in the form of saw-horse drawings: 

 

In the above representation the dark-black lines are supposed to be below the plane of paper and the 
dotted lines to be above the plane of paper. 

Newman projection formulae as shown. In writing Newman projection formulae the molecule is viewed 
C bond. The top carbon atom is shown as a dot and bottom carbon atom as a 

hree hydrogen attached to each one of them. 

 

 

All such arrangements of the atoms in a molecular structure, in space, which are possible because of the 
rotation around a single (sigma) bond are known as Conformations of the molecule. Since 

conformations are obtained on rotation around a bond, they are sometimes also called rotamers. It can 
that can be converted into one another 

by rotation about a single bond. The study of the preferred conformation in a molecule and relating their 
physical and chemical properties to their preferred conformation is known as Conformational analysis. 

has only one carbon atom and so only one spatial arrangement is possible whereas ethane could 

black lines are supposed to be below the plane of paper and the 

Newman projection formulae as shown. In writing Newman projection formulae the molecule is viewed 
C bond. The top carbon atom is shown as a dot and bottom carbon atom as a 



Any point in the above curve for ethane refers to some conformation of ethane molecule. The ones at the 
trough of the curve are of minimum energy known as staggered conformations while those at the crest are 
of maximum energy called eclipsed conformations. The energy difference between the staggered and 
eclipsed form in ethane is small, i.e., only 3 kcal/mole and so these forms are easily interconvertible but 
under normal conditions most of the ethane molecule
interaction amongst hydrogen. 

In case of 1,2-dibromoethane the important conformations are:

The dipole moment of staggered or anti
other while gauche form will have finite dipole moment and the eclipsed or syn form will have maximum 
dipole moment. Actual dipole moment of 1,2
indicating that staggered and gauche conformations are in equilibrium
changes with temperature as the population of gauche form increases.

Conformations of n-Butane 

The important conformations for butane are

 

Study of the above diagram for the energy of various c
form V representing the eclipsing of two bulky methyl groups is the conformation of highest energy while 
the staggered form III in which the methyl groups are maximum distance apart (i.e., 180°) is the 
conformation of least energy and hence most stable. In addition, another maxima, lower than the one for 
eclipsed conformation represents the eclipsing of the methyl groups with the hydrogens II. There is yet 
another trough, higher in energy than the one for staggered conformation, repr
conformation I and IV in which the methyl groups are at 60° to one another.

Relative Stability of Cycloalkanes and Baeyer’s Strain Theory

According to Le Bel and van’t Hoff, the four valencies of carbon atom are directed towards the corners
a regular tetrahedron and hence the angle between any two valencies is 109°28'. Therefore Baeyer argued 
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Any point in the above curve for ethane refers to some conformation of ethane molecule. The ones at the 
trough of the curve are of minimum energy known as staggered conformations while those at the crest are 
of maximum energy called eclipsed conformations. The energy difference between the staggered and 
eclipsed form in ethane is small, i.e., only 3 kcal/mole and so these forms are easily interconvertible but 
under normal conditions most of the ethane molecules exist in staggered form, i.e., the form of least 

dibromoethane the important conformations are: 

 

The dipole moment of staggered or anti-form will be zero as the two C-Br bonds are antiparallel to each 
hile gauche form will have finite dipole moment and the eclipsed or syn form will have maximum 

dipole moment. Actual dipole moment of 1,2-dibromoethane is 1 Debye under normal conditions 
indicating that staggered and gauche conformations are in equilibrium and the equilibrium constant 
changes with temperature as the population of gauche form increases. 

The important conformations for butane are 

 

Study of the above diagram for the energy of various conformations of n-butane indicates that eclipsed 
form V representing the eclipsing of two bulky methyl groups is the conformation of highest energy while 
the staggered form III in which the methyl groups are maximum distance apart (i.e., 180°) is the 

nd hence most stable. In addition, another maxima, lower than the one for 
eclipsed conformation represents the eclipsing of the methyl groups with the hydrogens II. There is yet 
another trough, higher in energy than the one for staggered conformation, repr
conformation I and IV in which the methyl groups are at 60° to one another. 

Relative Stability of Cycloalkanes and Baeyer’s Strain Theory 

According to Le Bel and van’t Hoff, the four valencies of carbon atom are directed towards the corners
a regular tetrahedron and hence the angle between any two valencies is 109°28'. Therefore Baeyer argued 

Any point in the above curve for ethane refers to some conformation of ethane molecule. The ones at the 
trough of the curve are of minimum energy known as staggered conformations while those at the crest are 
of maximum energy called eclipsed conformations. The energy difference between the staggered and 
eclipsed form in ethane is small, i.e., only 3 kcal/mole and so these forms are easily interconvertible but 

s exist in staggered form, i.e., the form of least 

Br bonds are antiparallel to each 
hile gauche form will have finite dipole moment and the eclipsed or syn form will have maximum 

dibromoethane is 1 Debye under normal conditions 
and the equilibrium constant 

indicates that eclipsed 
form V representing the eclipsing of two bulky methyl groups is the conformation of highest energy while 
the staggered form III in which the methyl groups are maximum distance apart (i.e., 180°) is the 

nd hence most stable. In addition, another maxima, lower than the one for 
eclipsed conformation represents the eclipsing of the methyl groups with the hydrogens II. There is yet 
another trough, higher in energy than the one for staggered conformation, representing gauche 

According to Le Bel and van’t Hoff, the four valencies of carbon atom are directed towards the corners of 
a regular tetrahedron and hence the angle between any two valencies is 109°28'. Therefore Baeyer argued 



if carbon atoms unite to form a closed chain, the valency angles are distorted from their natural directions 
and a strain is set up in the molecule 
greater the strain, the greater is the instability of the ring. It was also assumed that various ring systems 
are planar 

Baeyer’s strain theory has also been applied to the problem of rel
cyclopropane, the carbon atoms lie at the corners of an equilateral triangle. The bonds joining these 
carbon atoms are, thus, at an angle of 60°;and the distortion of each bond is 1/2 (109

This distortion sets up strain in the molecule called Baeyer strain and therefore cyclopropane is relatively 
unstable. Similarly the values of distortion of valency angle in different cycloalkanes may be obtained and 
is given below: 

Double bond   CyclopropaneCyclob

 +54◦ 44’          +24◦ 44’                     +9

According to strain theory, the strain is proportional to the distortion of no
the values given above it follows that cyclopentane is under least strain and should therefore be most 
stable. In the other systems the molecules are under strain and therefore tend to open up to relieve the 
strain by forming saturated compounds.

Sachse-Mohr Theory of Strainless Rings

Sachse in 1890 suggested that rings with six or more carbon atoms are not planar but are puckered. Since 
the carbon atoms lie in different planes the normal valency angle is retained and the rings
strainless rings. According to him cyclohexane exists in two strainless forms
form and rigid ‘chair’ form. 

Conformation of Cyclohexane 

Sachse in 1890 suggested that cyclohexane ring exists in two nonplanar forms i
conformations. The energy difference between the two forms was found to be only 5.6 kcal/mole by 
Pitzer. This energy barrier is too small to prevent their interconversion. Therefore it is not possible to 
resolve them.  

By electron diffraction studies Hassel in 1943 demonstrated that at room temperature most of the 
molecules of cyclohexane exist in chair conformation. This was to be expected as the boat form has 
greater energy content. In the chair form all the C
position while inthe boat form only four of them are in skew position and two in eclipsed position. These 
eclipsed interactions are responsible for higher energy of the boat form. Bowspirit
f-f) and eclipsed interactions (x-x) (y
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if carbon atoms unite to form a closed chain, the valency angles are distorted from their natural directions 
and a strain is set up in the molecule depending on the extent of distortion of natural valency angles. The 
greater the strain, the greater is the instability of the ring. It was also assumed that various ring systems 

Baeyer’s strain theory has also been applied to the problem of relative stability of cycloalkanes. In 
cyclopropane, the carbon atoms lie at the corners of an equilateral triangle. The bonds joining these 
carbon atoms are, thus, at an angle of 60°;and the distortion of each bond is 1/2 (109◦ 28’− 60

ortion sets up strain in the molecule called Baeyer strain and therefore cyclopropane is relatively 
unstable. Similarly the values of distortion of valency angle in different cycloalkanes may be obtained and 

Double bond   CyclopropaneCyclobutaneCyclopentane     Cyclohexane       Cycloheptane

 44’                     +9◦ 34’            + 0◦ 54’           − 5◦ 16’                      − 9

According to strain theory, the strain is proportional to the distortion of normal valency angle. Thus from 
the values given above it follows that cyclopentane is under least strain and should therefore be most 
stable. In the other systems the molecules are under strain and therefore tend to open up to relieve the 

saturated compounds. 

Mohr Theory of Strainless Rings 

Sachse in 1890 suggested that rings with six or more carbon atoms are not planar but are puckered. Since 
the carbon atoms lie in different planes the normal valency angle is retained and the rings
strainless rings. According to him cyclohexane exists in two strainless forms—non-rigid ‘boat’ or trough 

 

Sachse in 1890 suggested that cyclohexane ring exists in two nonplanar forms i.e. boat and chair 
conformations. The energy difference between the two forms was found to be only 5.6 kcal/mole by 
Pitzer. This energy barrier is too small to prevent their interconversion. Therefore it is not possible to 

diffraction studies Hassel in 1943 demonstrated that at room temperature most of the 
molecules of cyclohexane exist in chair conformation. This was to be expected as the boat form has 
greater energy content. In the chair form all the C—H bonds on adjacent carbon atoms are in skew 
position while inthe boat form only four of them are in skew position and two in eclipsed position. These 
eclipsed interactions are responsible for higher energy of the boat form. Bowspirit-flagpole interactions ( 

x) (y-y) are shown here in boat form: 

if carbon atoms unite to form a closed chain, the valency angles are distorted from their natural directions 
depending on the extent of distortion of natural valency angles. The 

greater the strain, the greater is the instability of the ring. It was also assumed that various ring systems 

ative stability of cycloalkanes. In 
cyclopropane, the carbon atoms lie at the corners of an equilateral triangle. The bonds joining these 

◦ 28’− 60◦ )= 24◦ 44’  

ortion sets up strain in the molecule called Baeyer strain and therefore cyclopropane is relatively 
unstable. Similarly the values of distortion of valency angle in different cycloalkanes may be obtained and 

utaneCyclopentane     Cyclohexane       Cycloheptane 

 16’                      − 9◦ 33’ 

rmal valency angle. Thus from 
the values given above it follows that cyclopentane is under least strain and should therefore be most 
stable. In the other systems the molecules are under strain and therefore tend to open up to relieve the 

Sachse in 1890 suggested that rings with six or more carbon atoms are not planar but are puckered. Since 
the carbon atoms lie in different planes the normal valency angle is retained and the rings are known as 

rigid ‘boat’ or trough 

.e. boat and chair 
conformations. The energy difference between the two forms was found to be only 5.6 kcal/mole by 
Pitzer. This energy barrier is too small to prevent their interconversion. Therefore it is not possible to 

diffraction studies Hassel in 1943 demonstrated that at room temperature most of the 
molecules of cyclohexane exist in chair conformation. This was to be expected as the boat form has 

carbon atoms are in skew 
position while inthe boat form only four of them are in skew position and two in eclipsed position. These 

flagpole interactions ( 



However, in the chair conformation all the twelve hydrogens are not equivalent. If a line is drawn through 
the centre of the cyclohexane chair then it will be found that six C
six C—H bonds are directed outwards away from this line, as shown in the figure below. The former are 
known as axial (a) bonds while latter are known as equatorial (e) bonds. It should be noted that all bond 
angles are 109.5° and the axial bonds on adjacent atoms, though parallel to the line drawn through centre, 
are directed in opposite direction, i.e., upwards and downwards. The chair conformation is sufficiently 
flexible to turn itself upside down so that all bonds which were axial orginally
versa. 

The potential energy curve of cyclohexane as a function of conformations of cyclohexane is shown in 
Figure 

As can be seen the chair form is the most stable one. It is due to the fact that there is neither the angle 
strain nor the bond opposition or eclipsing strain. If the chair form is to be converted to boat form, some 
angular distortion is required because several bonds have to be rotated and the molecule passesthrough 
the highest energy state corresponding to half
kcal/mole), then through skew boat form and finally acquires the boat form.

1.3: Geometrical isomerism: 

If the two carbon atoms are joined through a double bond then the freedom of rotation ceases to e
other words the two carbon atoms are fixed with respect to each other and rotation can only be brought 
about by rotating the molecule as a whole. This is known as the concept of restricted rotation around 
carbon to carbon double bonds. As a result
substituent groups attached to these two carbon atoms, become possible. 
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However, in the chair conformation all the twelve hydrogens are not equivalent. If a line is drawn through 
the centre of the cyclohexane chair then it will be found that six C—H bonds are parallel to t

H bonds are directed outwards away from this line, as shown in the figure below. The former are 
known as axial (a) bonds while latter are known as equatorial (e) bonds. It should be noted that all bond 

ds on adjacent atoms, though parallel to the line drawn through centre, 
are directed in opposite direction, i.e., upwards and downwards. The chair conformation is sufficiently 
flexible to turn itself upside down so that all bonds which were axial orginally become equatorial and vice 

 

The potential energy curve of cyclohexane as a function of conformations of cyclohexane is shown in 

 

As can be seen the chair form is the most stable one. It is due to the fact that there is neither the angle 
rain nor the bond opposition or eclipsing strain. If the chair form is to be converted to boat form, some 

angular distortion is required because several bonds have to be rotated and the molecule passesthrough 
the highest energy state corresponding to half-chair form (i.e. an energy barrier of approximately 10 
kcal/mole), then through skew boat form and finally acquires the boat form. 

If the two carbon atoms are joined through a double bond then the freedom of rotation ceases to e
other words the two carbon atoms are fixed with respect to each other and rotation can only be brought 
about by rotating the molecule as a whole. This is known as the concept of restricted rotation around 
carbon to carbon double bonds. As a result of this restricted rotation two different arrangements, of the 
substituent groups attached to these two carbon atoms, become possible.  

However, in the chair conformation all the twelve hydrogens are not equivalent. If a line is drawn through 
H bonds are parallel to this line and 

H bonds are directed outwards away from this line, as shown in the figure below. The former are 
known as axial (a) bonds while latter are known as equatorial (e) bonds. It should be noted that all bond 

ds on adjacent atoms, though parallel to the line drawn through centre, 
are directed in opposite direction, i.e., upwards and downwards. The chair conformation is sufficiently 

become equatorial and vice 

The potential energy curve of cyclohexane as a function of conformations of cyclohexane is shown in 

As can be seen the chair form is the most stable one. It is due to the fact that there is neither the angle 
rain nor the bond opposition or eclipsing strain. If the chair form is to be converted to boat form, some 

angular distortion is required because several bonds have to be rotated and the molecule passesthrough 
chair form (i.e. an energy barrier of approximately 10 

If the two carbon atoms are joined through a double bond then the freedom of rotation ceases to exist. In 
other words the two carbon atoms are fixed with respect to each other and rotation can only be brought 
about by rotating the molecule as a whole. This is known as the concept of restricted rotation around 

of this restricted rotation two different arrangements, of the 



Such isomers, which posses the same structural formula but differ in spatial arrangement of the groups 
around the double bond or some other similar feature (e.g. a ring) are known as geometrical isomers and 
the phenomenon is known as geometrical isomerism. The isomer which has similar groups on the same 
side of the double bond is called ‘cis’, (Latin, cis = same side)
the opposite side of the double bond is known as ‘trans’ (Latin, trans = across) isomer. This type of 
isomerism is, therefore, also known as cis

It is essential to point out here that if the two g
the structures would be one and the same and no isomers will be possible. For example:

In all other cases where the carbon atoms joined by a double bond have different substituents, geometrical 
isomerism is possible. 
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Such isomers, which posses the same structural formula but differ in spatial arrangement of the groups 
double bond or some other similar feature (e.g. a ring) are known as geometrical isomers and 

the phenomenon is known as geometrical isomerism. The isomer which has similar groups on the same 
side of the double bond is called ‘cis’, (Latin, cis = same side) and the other which has similar groups on 
the opposite side of the double bond is known as ‘trans’ (Latin, trans = across) isomer. This type of 
isomerism is, therefore, also known as cis-trans isomerism. 

It is essential to point out here that if the two groups attached to any carbon atom are identical then both 
the structures would be one and the same and no isomers will be possible. For example:

 

In all other cases where the carbon atoms joined by a double bond have different substituents, geometrical 

 

 

 

Such isomers, which posses the same structural formula but differ in spatial arrangement of the groups 
double bond or some other similar feature (e.g. a ring) are known as geometrical isomers and 

the phenomenon is known as geometrical isomerism. The isomer which has similar groups on the same 
and the other which has similar groups on 

the opposite side of the double bond is known as ‘trans’ (Latin, trans = across) isomer. This type of 

roups attached to any carbon atom are identical then both 
the structures would be one and the same and no isomers will be possible. For example: 

In all other cases where the carbon atoms joined by a double bond have different substituents, geometrical 



 

E & Z NOTATION FOR GEOMETRIC ISOMERISM

According to this method, if the groups with higher priorities are present on the opposite sides of the 
double bond, that isomer is denoted by E. Where E = Entgegen( the German word for
Enemy  

• However, if the groups with higher priorities are on the same side of the double bond, that isomer is 
denoted by Z. Where Z = Zusammen (the German word for 'together') 

• The letters E and Z are represented within parentheses 
a hyphen.  

• Step by step procedure to determine the E and Z configuration: 

• First determine the higher priority group on each end of the double bond. If the higher priority 
groups are on the opposite sides 

• Otherwise if they are on the same side of double bond, the Z descriptor must be used.

The priorities are assigned by following Cahn

Rule 1: Rank the atoms directly attached to the olefinic carbon according to their atomic number. High 
priority is given to the atom with higher atomic number.

Rule 2: If isotopes of same element are present, the higher priority is given to the isotope with higher 
atomic mass. E.g. the Deuterium isotope 
13isotope has more priority than C 

12
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E & Z NOTATION FOR GEOMETRIC ISOMERISM: 

According to this method, if the groups with higher priorities are present on the opposite sides of the 
double bond, that isomer is denoted by E. Where E = Entgegen( the German word for 'opposite' ) or E = 

However, if the groups with higher priorities are on the same side of the double bond, that isomer is 
denoted by Z. Where Z = Zusammen (the German word for 'together')  

The letters E and Z are represented within parentheses and are separated from the rest of the name with 

Step by step procedure to determine the E and Z configuration:  

First determine the higher priority group on each end of the double bond. If the higher priority 
groups are on the opposite sides of double bond, the isomer is denoted by the descriptor, E. 
Otherwise if they are on the same side of double bond, the Z descriptor must be used.

The priorities are assigned by following Cahn-Ingold-Prelog sequence rules: -  

y attached to the olefinic carbon according to their atomic number. High 
priority is given to the atom with higher atomic number. 

 

Rule 2: If isotopes of same element are present, the higher priority is given to the isotope with higher 
atomic mass. E.g. the Deuterium isotope (H 

2 
or D) has more priority than protium(H 

1
 or H)

12. 

According to this method, if the groups with higher priorities are present on the opposite sides of the 
'opposite' ) or E = 

However, if the groups with higher priorities are on the same side of the double bond, that isomer is 

and are separated from the rest of the name with 

First determine the higher priority group on each end of the double bond. If the higher priority 
of double bond, the isomer is denoted by the descriptor, E.  

Otherwise if they are on the same side of double bond, the Z descriptor must be used. 

y attached to the olefinic carbon according to their atomic number. High 

Rule 2: If isotopes of same element are present, the higher priority is given to the isotope with higher 
or H). The C 



Rule 3: If the relative priority of two groups cannot be decided by Rule 1, it shall be determined by 
applying to the next atom or sequence of atoms in the group 'X'. 

e.g. for typing groupings in organic molecules where X is more than one atom . 

X = -CH2CH2CH3 > -CH2CH3 > -CH

priority 

Rule 4: Treat double and triple bond as if each were a bond to a separate atom. For this methods, imagine 
that pi (π) bond is broken and the atoms at both 
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Rule 3: If the relative priority of two groups cannot be decided by Rule 1, it shall be determined by 
applying to the next atom or sequence of atoms in the group 'X'.  

e.g. for typing groupings in organic molecules where X is more than one atom .  

CH3> -H i.e. the longer the hydrocarbon carbon chain the higher its 

 

 

Rule 4: Treat double and triple bond as if each were a bond to a separate atom. For this methods, imagine 
) bond is broken and the atoms at both ends duplicate. 

Rule 3: If the relative priority of two groups cannot be decided by Rule 1, it shall be determined by 

i.e. the longer the hydrocarbon carbon chain the higher its 

Rule 4: Treat double and triple bond as if each were a bond to a separate atom. For this methods, imagine 

 



 

1.3 Optical isomerism:  

SPECIFIC ROTATION - The observed rotation depends on the number of chiral molecules that interact 
with polarized light. This in turn depends on the concentration of the sample and the length of the sample 
tube. To standardize optical rotation data, the quantity specific ro
sample tube length (usually 1 dm), concentration, temperature (25 °C), and wavelength (589 nm, the D 
line emitted by a sodium lamp).  

- Specific rotations are physical constants just like melting points or boiling p
chemical reference books for a wide variety of compounds.

Specific Rotation = > [ἀ ] = ἀ/ l x c

D & L-System 

The D- and L- notation is based on glyceraldehyde. 

- When the -OH group on this carbon is on the right, then sugar is 
then it is the L-isomer. 

R and S System: Cahn, Ingold and Prelog gave a new convention for specifying the configuration of 
asymmetric carbon atoms. This is also known as Rectus (Latin, meaning right) and Sinister (La
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The observed rotation depends on the number of chiral molecules that interact 
with polarized light. This in turn depends on the concentration of the sample and the length of the sample 
tube. To standardize optical rotation data, the quantity specific rotation (*α+) is defined using a specific 
sample tube length (usually 1 dm), concentration, temperature (25 °C), and wavelength (589 nm, the D 

Specific rotations are physical constants just like melting points or boiling points, and are reported in 
chemical reference books for a wide variety of compounds. 

notation is based on glyceraldehyde.  

OH group on this carbon is on the right, then sugar is the D-isomer; when it is on the left, 

 

R and S System: Cahn, Ingold and Prelog gave a new convention for specifying the configuration of 
asymmetric carbon atoms. This is also known as Rectus (Latin, meaning right) and Sinister (La

 

The observed rotation depends on the number of chiral molecules that interact 
with polarized light. This in turn depends on the concentration of the sample and the length of the sample 

+) is defined using a specific 
sample tube length (usually 1 dm), concentration, temperature (25 °C), and wavelength (589 nm, the D 

oints, and are reported in 

 

isomer; when it is on the left, 

R and S System: Cahn, Ingold and Prelog gave a new convention for specifying the configuration of 
asymmetric carbon atoms. This is also known as Rectus (Latin, meaning right) and Sinister (Latin, 



meaning left) system, and is often abbreviated as ‘R’ and ‘S’ system. In this system the atoms joined to 
the asymmetric C-atoms directly are arranged in a sequence. The important sequence rules are:

1. The order of priority or sequence is determined o
directly to asymmetric C, the greater the atomic number the higher the order.

Thus in chlorobromo acetic acid the priority will be: Br >Cl> COOH > H

2. for — CH3 and —CH2.CH3, the order of priority will
C— is joined to H, H, H whereas in ethyl it is joined to C, H and H.

3. For determining order of priority, multiple bonds are treated as separate single bonds. Thus H
is regarded as carbon linked to 2 oxygen an

Applying these rules the order of priority of groups and atoms in lactic acid will be OH > COOH > CH3 > 
H and in glyceraldehyde OH > CHO > CH2OH > H.

Thus lactic acid may be conveniently represented as:

Stereochemistry of Lactic Acid: 

Stereochemistry of Tartaric Acid: Tartaric acid contains two asymmetric carbon atoms which are 
similar to each other. Theoretically the number of possible isomers is 22 = 4 and they may be represented 
as: 
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meaning left) system, and is often abbreviated as ‘R’ and ‘S’ system. In this system the atoms joined to 
atoms directly are arranged in a sequence. The important sequence rules are:

1. The order of priority or sequence is determined on the basis of the atomic numbers of the atoms joined 
directly to asymmetric C, the greater the atomic number the higher the order. 

Thus in chlorobromo acetic acid the priority will be: Br >Cl> COOH > H 

CH2.CH3, the order of priority will be — CH2. CH3 > — CH3 because in methyl 
is joined to H, H, H whereas in ethyl it is joined to C, H and H. 

3. For determining order of priority, multiple bonds are treated as separate single bonds. Thus H
is regarded as carbon linked to 2 oxygen and 1 hydrogen. 

Applying these rules the order of priority of groups and atoms in lactic acid will be OH > COOH > CH3 > 
H and in glyceraldehyde OH > CHO > CH2OH > H. 

Thus lactic acid may be conveniently represented as: 

 

 

 

: Tartaric acid contains two asymmetric carbon atoms which are 
similar to each other. Theoretically the number of possible isomers is 22 = 4 and they may be represented 

meaning left) system, and is often abbreviated as ‘R’ and ‘S’ system. In this system the atoms joined to 
atoms directly are arranged in a sequence. The important sequence rules are: 

n the basis of the atomic numbers of the atoms joined 

CH3 because in methyl 

3. For determining order of priority, multiple bonds are treated as separate single bonds. Thus H—C==O 

Applying these rules the order of priority of groups and atoms in lactic acid will be OH > COOH > CH3 > 

: Tartaric acid contains two asymmetric carbon atoms which are 
similar to each other. Theoretically the number of possible isomers is 22 = 4 and they may be represented 



Allenes: May be respresented by a general formula
groups. Isomeric allenes where a is C6H5 and b is C10H7 have been separated.

Mills and coworkers (1935) resolved dinaphthyldiphenylallene (I) by catalytic asymmetric dehydration of 
1,3-di-1-naphthyl-1,3-diphenylprop
diphenyl-allene-1-carboxylic acid (II) using brucine.

Spiranes: These are bicyclic or polycyclic systems having one carbon atom common to two rings. 
(Spiranes are compounds in which a C
belongs to a ring.) 

Backer et al. (1928) resolved spiro (3.3) cycloheptane carboxylic acid (IV) and Pope et al. (1932) 
resolved 2,6-diamino dispiro (3.3) heptane (V)
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May be respresented by a general formula, ab.C == C == C.ab where a and b are different 
groups. Isomeric allenes where a is C6H5 and b is C10H7 have been separated. 

 

Mills and coworkers (1935) resolved dinaphthyldiphenylallene (I) by catalytic asymmetric dehydration of 
henylprop-2-enol. Kohler et al. (1935) resolved the ester of 3-(1

carboxylic acid (II) using brucine. 

 

These are bicyclic or polycyclic systems having one carbon atom common to two rings. 
n which a C-atom, is bound to 4 other C-atoms, in such a way that each 

Backer et al. (1928) resolved spiro (3.3) cycloheptane carboxylic acid (IV) and Pope et al. (1932) 
diamino dispiro (3.3) heptane (V) 

 

, ab.C == C == C.ab where a and b are different 

Mills and coworkers (1935) resolved dinaphthyldiphenylallene (I) by catalytic asymmetric dehydration of 
(1-naphthyl)-1,3-

These are bicyclic or polycyclic systems having one carbon atom common to two rings. 
atoms, in such a way that each 

Backer et al. (1928) resolved spiro (3.3) cycloheptane carboxylic acid (IV) and Pope et al. (1932) 



Biphenyls: It has ben shown by physico
coaxial and linear. However the bulky groups in ortho position of biphenyls prevent free rotation around 
carbon to carbon bond joining the two benzene rings. This restri
acquiring the coplanarity and a situation similar to allenes or spiranes gives rise to optical isomerism in 
the derivatives of biphenyls. 

Kenner et al. (1927) resolved 2,2′-dinitro
atom but the miolecule as a whole is chiral.

RACEMIC MIXTURE - A racemic mixture is a 1:1 mix of two enantiomers (Each of a pair of 
molecules that are mirror images of each other). 

- No matter how many molecules are in a mixt
enantiomers.  

- The racemic mixture produces a net optical rotation 
because the mixture contains equal amounts 
rotations.  

- A racemic mixture is a solution containing equal amounts of a pair of enantiomers.

RESOLUTION OF RACEMIC MIXTURES

Chemical separation: ♣ This is probably the best method of resolution. The racemic mixture is made
combine with another optically active compound and the resulting solubility in various solvents. 

♣ By fractional crystallization from a suitable solvent, they can be separated.

♣ For example, the racemic mixture of lactic acid is allowed to combine wi
strachnine or (+) brucine. 
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ben shown by physico-chemical studies that biphenyls are planar and the two rings are 
coaxial and linear. However the bulky groups in ortho position of biphenyls prevent free rotation around 
carbon to carbon bond joining the two benzene rings. This restricted rotation prevents the two rings from 
acquiring the coplanarity and a situation similar to allenes or spiranes gives rise to optical isomerism in 

dinitro-6,6′-diphenic acid, which does not have an asymmetric carbon 
atom but the miolecule as a whole is chiral. 

 

A racemic mixture is a 1:1 mix of two enantiomers (Each of a pair of 
molecules that are mirror images of each other).  

No matter how many molecules are in a mixture, it is racemic if there are equal numbers of the two 

The racemic mixture produces a net optical rotation - of plane polarized light - of zero degrees. This is 
because the mixture contains equal amounts - equimolar mixture - of both enantiomers that have opposite 

A racemic mixture is a solution containing equal amounts of a pair of enantiomers. 

 

RESOLUTION OF RACEMIC MIXTURES: 

This is probably the best method of resolution. The racemic mixture is made
combine with another optically active compound and the resulting solubility in various solvents. 

By fractional crystallization from a suitable solvent, they can be separated. 

For example, the racemic mixture of lactic acid is allowed to combine with the optically active base (

chemical studies that biphenyls are planar and the two rings are 
coaxial and linear. However the bulky groups in ortho position of biphenyls prevent free rotation around 

cted rotation prevents the two rings from 
acquiring the coplanarity and a situation similar to allenes or spiranes gives rise to optical isomerism in 

t have an asymmetric carbon 

A racemic mixture is a 1:1 mix of two enantiomers (Each of a pair of 

ure, it is racemic if there are equal numbers of the two 

of zero degrees. This is 
tiomers that have opposite 

This is probably the best method of resolution. The racemic mixture is made to 
combine with another optically active compound and the resulting solubility in various solvents.  

th the optically active base (-) 



Chromatographic method: Differential Adsorption Method

form is placed on chromatographic column containing optically active substances like starch, quartz e
then the enantiomorphs will move down the column at different rates and thus can be separated because 
of the adsorption selectivity of the adsorbent. The dl
starch. This method eliminates the necessit

OPTICAL INACTIVITY DUE TO COMPENSATION

compensation. There are two types of compensation. They are, (a) Internal compensation (b) External 
compensation.  

a) Internal compensation: If the rotation of polarized light caused by one half of the molecule is exactly 
cancelled by equal and opposite rotation caused by the other half of the molecule and the molecule 
becomes optically inactive, then the optical inactiv
the molecule). Example: Mesotartaric acid 

b) External compensation: If two enantiomers are mixed together in equimolar amount, then the mixture 
becomes optically inactive. The rotation caused by one 
enantiomers and is due to external compensation. The resulting optically inactive mixture is called 
racemic mixture. Example: Equimolar amount of d (Dextrorotatory) and l (Levorotatory) form of tartaric 
acid. 

The "optical purity" is a comparison of the optical rotation of a pure sample of unknown 
stereochemistry versus the optical rotation of a sample of pure enantiomer.

The optical purity as the observed rotation of a mixture divided by the specific rotation of th
enantiomer (obtained under identical conditions).

Biological importance of configurational isomers

If they are exact mirror images they are called enantiomers, otherwise they are called 
diastereomers. Stereoisomers are critically
every biological molecule - amino acids, sugars, fats, enzymes, etc 
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Differential Adsorption Method: When a racemic mixture in the solution 
form is placed on chromatographic column containing optically active substances like starch, quartz e
then the enantiomorphs will move down the column at different rates and thus can be separated because 
of the adsorption selectivity of the adsorbent. The dl-mandelic acid has been resolved by adsorption over 
starch. This method eliminates the necessity of converting the dl-mixture to diastereoisomer.

OPTICAL INACTIVITY DUE TO COMPENSATION - The optical inactivity is also possible due to 
compensation. There are two types of compensation. They are, (a) Internal compensation (b) External 

Internal compensation: If the rotation of polarized light caused by one half of the molecule is exactly 
cancelled by equal and opposite rotation caused by the other half of the molecule and the molecule 
becomes optically inactive, then the optical inactivity of molecule is due to internal compensation (within 
the molecule). Example: Mesotartaric acid  

b) External compensation: If two enantiomers are mixed together in equimolar amount, then the mixture 
becomes optically inactive. The rotation caused by one enantiomer is exactly cancelled by other 
enantiomers and is due to external compensation. The resulting optically inactive mixture is called 
racemic mixture. Example: Equimolar amount of d (Dextrorotatory) and l (Levorotatory) form of tartaric 

is a comparison of the optical rotation of a pure sample of unknown 
stereochemistry versus the optical rotation of a sample of pure enantiomer. 

as the observed rotation of a mixture divided by the specific rotation of th
enantiomer (obtained under identical conditions). 

Biological importance of configurational isomers: 

If they are exact mirror images they are called enantiomers, otherwise they are called 
are critically important in biochemistry and medicine because nearly 

amino acids, sugars, fats, enzymes, etc - has one or more stereoisomer

: When a racemic mixture in the solution 
form is placed on chromatographic column containing optically active substances like starch, quartz etc., 
then the enantiomorphs will move down the column at different rates and thus can be separated because 

mandelic acid has been resolved by adsorption over 
mixture to diastereoisomer. 

The optical inactivity is also possible due to 
compensation. There are two types of compensation. They are, (a) Internal compensation (b) External 

Internal compensation: If the rotation of polarized light caused by one half of the molecule is exactly 
cancelled by equal and opposite rotation caused by the other half of the molecule and the molecule 

ity of molecule is due to internal compensation (within 

b) External compensation: If two enantiomers are mixed together in equimolar amount, then the mixture 
enantiomer is exactly cancelled by other 

enantiomers and is due to external compensation. The resulting optically inactive mixture is called 
racemic mixture. Example: Equimolar amount of d (Dextrorotatory) and l (Levorotatory) form of tartaric 

is a comparison of the optical rotation of a pure sample of unknown 

as the observed rotation of a mixture divided by the specific rotation of the pure 

 

biochemistry and medicine because nearly 
stereoisomer. 
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UNIT II 
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� BHA also is commonly used in medicines, such 

as isotretinoin, lovastatin, and simvastatin, among 

others.

� BHA has been added to edible fats and fat-

containing foods for its antioxidant properties as it 

prevents rancidification of food which creates 

objectionable odors. Like butylated

hydroxytoluene (BHT), the conjugated aromatic ring 

of BHA is able to stabilize free radicals, sequestering 

them. 

�By acting as free radical scavengers, further free 

radical reactions are prevented.

BHA – BUTYLATED HYDROXY ANISOLE

Butylated hydroxyanisole (BHA) is an antioxidant consisting

of a mixture of two isomeric organic compounds, 2-tert-

butyl-4-hydroxyanisole and 3-tert-butyl-4-hydroxyanisole.

It is prepared from 4-methoxyphenol and isobutylene.

It is a waxy solid used as a food additive with the E

number E320.

The primary use for BHA is as an antioxidant and

preservative in food, food packaging, animal feed,

cosmetics, rubber, and petroleum products.
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What is butylated Hydroxyanisole used for?

�It is a waxy solid used as a food additive

with the E number E320. The primary use

for BHA is as an antioxidant and

preservative in food, food packaging,

animal feed, cosmetics, rubber, and

petroleum products.

� BHA also is commonly used

in medicines, such as isotretinoin,

lovastatin, and simvastatin, among others.

�As mentioned above, oxidation of biological

molecules is mediated by multiple oxidants.

� Vitamin E is a potent radical-scavenging

antioxidant, but it is ineffective against

nonradical oxidants such as lipoxygenase,

cyclooxygenase, cytochrome P450, and

hypochlorite

�Vitamin E is a the principle membrane-

associated antioxidant molecule in mammals.

� It plays a major role in preventing oxidative 

damage to membrane lipids by scavenging free 

radicals.
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�Vitamin E is a fat-soluble nutrient found in many 

foods. In the body, it acts as an antioxidant, helping 

to protect cells from the damage caused by free 

radicals.
�Vitamin E is a powerful antioxidant that may be 

effective at reducing UV damage in skin. And vitamin 

E applied topically may help nourish and protect 

your skin from damage caused by free radicals
� Vitamin E deficiency may cause impaired reflexes and 

coordination, difficulty walking, and weak muscles.

Premature infants with the deficiency may develop a serious 

form of anemia.

The diagnosis is based on symptoms and results of a physical 

examination.

Taking vitamin E supplements corrects the deficiency.
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UNIT III
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STATES OF MATTER

�Based upon 
particle 
arrangement

�Based upon 
energy of particles

�Based upon 
distance between 

particles

Kinetic Theory of Matter

Matter is 

made up of 

particles 

which are in 

continual 

random 

motion.
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LPG: Liquefied Petroleum gas
�It is a by-product derived while extracting 

crude petroleum.

� Both propane and butane are gaseous 
hydrocarbons at normal temperatures (15 °C) 
and atmospheric pressure.(Composition)

� Properties of LPG. :

• This means that an LPG flame burns hotter,

LNG  

As a liquid, LNG is .

�LNG vapor is only explosive

Liquefied Petroleum Gas is considered a

good fuel because of the following reasons:

• It is a very neat and clean domestic fuel. 

• It burns with a smokeless flame and hence 
does not cause pollution. 

✦✦✦✦ It does not produce any poisonous gases 
on combustion.

• Both propane and butane are gaseous 
hydrocarbons at normal temperatures (15 

°

°°

°C) and atmospheric pressure. 
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. COMPOSITIONS :
• C H N O

S trace metals

What is the main P of petroleum 

refining?
�

Petroleum refineries
to transform crude oil into useful

products.

(LPG), Gasoline
or Petrol, Kerosene, Jet fuel, Diesel & Fuel oils.

INDUSTRIALS

utility units and storage tanks

refinery
location, desired products and economic
considerations.

800,000 to 900,000

127,000 to 143,000 .
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� 

• It is a process in which complex
hydrocarbons are broken down into simpler
molecules.

•

.

• The most popular of the techniques is catalytic
cracking, also called
“cat” cracking. Cracking is a process in which
large hydrocarbon molecules are broken up
“cracked” into smaller, more valuable
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� : Itisa gas, gasolene, motor , petroaleum

volatile, flammable liquid mixture of hydrocarbons,

obtained from petroleum, and used as fuel for

internal-combustion engines, as a solvent, etc.l

hydrocarbons

its high energy of combustion and capacity to mix readily 

with air in a carburetor.

octane number
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� Saytzeff's rule, Saytzev's rule is

an empirical rule for predicting the

favored alkene product(s) in elimination

reactions.

�"The alkene formed in greatest amount is

the one that corresponds to removal of the

hydrogen from the alpha-carbon having the

fewest hydrogen substituents."

� For example, when 2-iodobutane is treated

with alcoholic potassium hydroxide (KOH), 2-

butene is the major product and 1-butene is

the minor product

More generally, Zaitsev's rule predicts that in an 

elimination reaction, the most substituted product 

will be the most stable, and therefore the most 

favored. The rule makes no generalizations about 

the stereochemistry of the newly formed alkene, but 

only the regiochemistry of the elimination reaction. 

While effective at predicting the favored product for 

many elimination reactions, Zaitsev's rule is subject 

to many exceptions
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�Hofmann elimination is an elimination reaction of

an amine where the least stable (least

substituted) alkene,

�The reaction involves the formation of a quate

rnary ammonium iodide salt by treatment of the

amine with excess methyl iodide (exhaustive

methylation), followed by treatment with silver

oxide and water to form a quaternary ammonium

hydroxide. When this salt is decomposed by heat,

the Hofmann product is preferentially formed due to

the steric bulk of the leaving group causing the

hydroxide to abstract the more easily accessible

hydrogen
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RCH2CH2R'
cat

catalyst = Pt, Pd, Ni, or Rh

alkene is an intermediate

RC CR' + 2H2

Hydrogenation of Alkynes

Heats of Hydrogenation

292 kJ/mol 275 kJ/mol

Alkyl groups stabilize triple bonds in the 
same way that they stabilize double
bonds.  Internal triple bonds are more 
stable than terminal ones.

CH3CH2C CH CH3C CCH3
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+  H2

Lindlar Pd

CH3(CH2)3 (CH2)3CH3

H H

(87%)

CH3(CH2)3C C(CH2)3CH3

CC

Example

1.  NaNH2

2.  CH3CH2CH2CH2Br

Na, NH3H2, Lindlar Pd

Problem 9.12

Synthesis  

 

  

expected reaction:

enol
observed reaction:

RCH2CR'

O

H+

RC CR' H2O+

H+

RC CR' H2O+

OH

RCH CR'

ketone

Hydration of Alkynes
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Carbocation is stabilized by 
electron delocalization (resonance)

H O

C CH

..
H+

Unit 2   Carbocation Intermediate

O

C CH
+

..
:

 

H2O, H2SO4

HgSO4

CH3(CH2)5CCH3

(91%)

via

Markovnikov's rule followed in formation of enol

CH3(CH2)5C CH2

OH

CH3(CH2)5C CH

O

Regioselectivity

Br2

CH3CH2

CH2CH3Br

Br

(90%)

CH3CH2C CCH2CH3 C C

Addition is anti
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1.  O3

2.  H2O

+

CH3(CH2)3C CH

CH3(CH2)3COH

(51%)

O

H  -C  - OH

O

Example

 MAPP gas , for a fuel gas based on a stabilized mixture 
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of methylacetylene (propyne) and propadiene. The name comes from the 
original chemical composition, methylacetylene-propadiene propane.  

� "MAPP gas" is also widely used as a generic name for UN 1060 stabilised 
methylacetylene-propadiene (unstabilised methylacetylene-propadiene is 
known as MAPD).  

� MAPP gas is widely regarded as a safer and easier-to-use substitute 
for acetylene These versions are composed almost entirely of propylene with 
minuscule impurities of propane 

PROPERTIES: 

� MAPP is colorless in both liquid and gas form. The gas has a pronounced 
acetylene-like or fishy odor at concentrations above 100 ppm, due to the 
addition of substituted amines as a polymerization inhibitor. Low molecular 
weight alkynes have strong odors. MAPP gas is toxic if inhaled at high 
concentrations. 

� The composition of the supplied gas has varied widely, with the gases as 
supplied by different repackagers/resellers at any one time varying, as well as 
the general composition varying over time, but a typical composition for an 
early Dow gas might be: methylacetylene (propyne) 
48%, propadiene 23%, propane 27%. For a later Dow/Petromont gas propyne 
30%, propadiene 14%, propylene 43%, propane 7%, C4H10 (isobutane, butane) 
6% might be more typical. 

USES: 

� MAPP gas is a mixture of methyl-acetylene and propadiene. 

�  It is widely used in welding, soldering, and other industrial purposes. 

�  It can also be used for cooking. 

�  In fact, many top chefs use it for searing or finishing off steak and 

other foods. 
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Unit IV  Aromatic hydrocarbons: 

Naming of aromatic compounds (aryl derivatives and aryl substituted alkyl derivatives). 

The generic name of mono and polycyclic aromatic hydrocarbons is arenes. The simplest 

representatives are called benzene and naphthalene. 

 

The numbering in the benzene ring is applied only to derivatives having more than one 

substituent. The symbols o- (ortho), m- (meta), and p- (para) may be used in place of 1,2-, 1,3-, 

and 1,4-, respectively, when only two substituents are present. 

Several aromatic hydrocarbons with side chains may be used as parent structures for the names 

of compounds having non-principal characteristic groups. These are toluene, cumene, xylenes 

(three isomers), and styrene: 

 

The most widespread aromatic radicals are phenyl, C6H5-; benzyl, C6H5CH2-; tolyl(ortho, meta, 

and paraisomers) derived from toluene; and naphthyl(1- and 2-isomers) - from naphthalene, for 

example: 

 

Monosubstituted Derivatives of Benzene 

Many simple monosubstituted derivatives of benzene are named systematically by adding the 

name of the substituent to “benzene” which is the parent: For examples: 
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There are also monosubstituted benzene rings that have common names. And when naming an 

aromatic compound with one of these rings, you need to use the common name as the parent 

and not the “benzene”. Below is the list of these common names: 

 

  

Disubstituted Derivatives of Benzene 

Some disubstituted benzene rings also have common names. For example, the toluene 

with another methyl group is called “xylene”. Depending on the positions of the methyl groups, 

we have ortho, meta, and para-Xylenes: 

 

For the other rings with common names, start numbering the ring from the substituent that is 

part of the common ring such that the other groups get the smallest possible locants:
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 Hückel’s Rule: What Does 4n+2 Mean?   

“4n+2 is not a formula that you apply to see if your molecule is aromatic. It is a formula that 

tells you what numbers are in the magic series. If your pi electron value matches any number in 

this series then you have the capacity for aromaticity.”  

1. Stop Looking For “n” In A Molecule, Because You’re Looking For The Wrong Thing 

 
2. In the [4n+2] Rule (“Huckel’s Rule”), “n” Is Not A Characteristic Of The Molecule!  

“n” is not a characteristic of the molecule 

In order for a molecule to be aromatic, it has to have the following characteristics: 

• It must be cyclic 

• It must be conjugated (i.e. all atoms around the ring must be able to participate in π-

bonding through resonance) 

• It must be flat 

And, it must have a certain number of π-electrons. This is known as Huckel’s rule. The number 

of π electrons must equal one of the numbers in this series: 

2, 6, 10, 14, 18….and so on. For example, we can find aromatic molecules with 2 pi electrons, 6 

pi electrons, 10 pi electrons, 14 pi electrons, 18 pi electrons, and so on. 

 

3. In Huckel’s Rule, The Formula (4n+2) Is An Algebraic Expression Of The Series 2, 6, 10, 

14… Where ‘n’ Is A Natural Number 

2, 6, 10, 14, 18… is an example of an algebraic series. 
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Algebraically, you can express this with the formula (4n +2), where n is a natural number (0, 1, 

2, 3…) 

Let’s plug in different values of n (we will put n in bold) 

For the formula 4n + 2 

For n = 0, we get (4 × 0 + 2) = 2 

For n = 1, we get (4 × 1 + 2) = 6 

For n = 2, we get (4 × 2 + 2) = 10 

For n = 3, we get (4 × 3 + 2) = 14 

For n = 4, we get (4 × 4 + 2) = 18 

4. Summary: “n” Comes From Algebra, NOT From Chemistry 

Molecules that have the 3 characteristics listed above (cyclic, conjugated, flat) and have this 

number of π electrons [4n +2] will be aromatic. The letter “n” is not a characteristic of the 

molecule! 

 
 

ELECTROPHILIC AROMATIC SUBSTITUTION – THE MECHANISM 

Benzene has 3 π bonds and as expected shows some similarities to alkenes in being reactive 

towards electrophilic species. However, there are two key differences between their reactions 

with electrophiles. 

First, benzene is very stable and thus less reactive. Second, unlike the alkenes, it undergoes 

an electrophilic substitution and not an electrophilic addition reaction: 
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The first difference of benzene being less reactive brings the need for using a Lewis acid FeBr3 

which turns the Br2 into a stronger electrophile and makes the reaction possible. We will see how 

that works next. 

The second difference is that the Br in the electrophilic aromatic substitution reaction replaces 

the hydrogen while both hydrogens are still there when they are on the alkene. And in fact, this is 

still related to the stability of the aromatic ring. Even though the reaction goes through an 

intermediate where the aromaticity is broken, it still ends up restored because that brings a lot of 

stability and energetically is very favorable. 

  

The Mechanism of Electrophilic Aromatic Substitution 

Regardless of what electrophile is used, the electrophilic aromatic substitution mechanism can be 

divided into two main steps. 

 

In step 1 the π electrons of benzene attack the electrophile which takes two electrons of the 

six-electron aromatic system. This forms aσ bond between one carbon atom of the benzene ring 

and the electrophile. Because of the new sigma bond formed, this intermediate is called a sigma 

complex. 
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  Notice that this breaks the highly stable aromatic system since in the intermediate 

areniumion, the carbon connected to the electrophile becomes sp
3 hybridized and, therefore, 

cannot be part of the conjugated π bond system. This, energetically unfavorable process of 

interrupting aromaticity, is the slow-rate determining step of the reaction. 

On the other hand, the arenium ion is not the worst carbocation you will ever see. It is 

secondary,there two conjugated double bonds, which in turn are conjugated with the empty 

p orbital of the positively charged carbon. It has three resonance forms, where the positive 

charge appears on three carbons and the resonance hybrid can be shown with these carbons 

having a partial positive charge: 

 

In the second step, the hydrogen on the sp
3-hybridized carbon is removed by a 

counterion/conjugate base restoring the aromaticity to the ring: 

 

 

  



112 

The deprotonation is the driving force of the reaction making it energetically possible to proceed. 

The activation energy of this step is a lot smaller and the reaction occurs very fast: 

  

Halogenation of Benzene 

Benzene only reacts with bromine and chlorine in the presence of Lewis acids as they 

coordinate to the halogens and generate strong electrophilic species. The Lewis acids are 

usually aluminum chloride (AlCl3) or iron chloride (FeCl3) used for the chlorination, and iron 

bromide (FeBr3) for the bromination of the aromatic ring: 

  

 

  

Once the electrophile is formed, it follows the same general mechanism as we have discussed 

earlier. First, the addition of the electrophile, forming the sigma complex which is then 

deprotonated by –AlCl4. 
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Nitration of Benzene 

The electrophile in the nitration of benzene is the +
NO2 (the nitronium ion), which is formed by 

protonation of HNO3 by H2SO4 (yep, sulfuric acid is powerful). The rest is according to the 

general mechanism of electrophilic aromatic substitution: 

  

 

 The nitration of benzene is an important reaction since nitrobenzene is an essential precursor for 

the synthesis of aniline which is used in many other reactions, including the one we have just 

seen for the synthesis of fluorobenzene. 

Sulfonation of Benzene 

Benzene can be converted into benzenesulfonic by reacting it with fuming sulfuric acid which is 

prepared by adding sulfur trioxide (SO3). The electrophile in this reaction is the sulfonium ion 

(+SO3H) that forms when concentrated sulfuric acid reacts with SO3. 

  

 

 One interesting feature and advantage of the sulfonation is that it is a reversible reaction: 
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Depending on your needs, you may shift the equilibrium to either side. If you need a sulfonation 

of the aromatic ring, then use a concentrated solution of H2SO4. 

 

Friedel�Crafts Alkylation Reaction 

An alkyl group can be added to a benzene molecule by an electrophile aromatic 

substitution reaction called the Friedel�Crafts alkylation reaction. One example is the 

addition of a methyl group to a benzene ring. 

 

The mechanism for this reaction begins with the generation of a methyl carbocation from 
methylbromide. The carbocation then reacts with the π electron system of the benzene to form a 
nonaromatic carbocation that loses a proton to reestablish the aromaticity of the system. 
1. An electrophile is formed by the reaction of methylchloride with aluminum chloride. 
 

 
2. The electrophile attacks the π electron system of the benzene ring to form a nonaromatic 
carbocation. 

 
3. The positive charge on the carbocation that is formed is delocalized throughout the molecule. 
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4. The aromaticity is restored by the loss of a proton from the atom to which the methyl group 
has bonded. 

 

5. Finally, the proton reacts with the AlCl4
− to regenerate the AlCl3 catalyst and form the product 

HCl.  

 

 

Friedel�Crafts Acylation Reaction 

The Friedel�Crafts acylation reaction, another example of an electrophilic aromatic 

substitution reaction, is similar to the FriedelϕCrafts alkylation reaction except that the 

substance that reacts with benzene is an acyl halide,  instead of an alkyl halide, R &bond; X. An 

acetyl chloride reaction appears as: 

 

1. The reaction of acetyl chloride with aluminum chloride forms an electrophile. 

 

2. The electrophile attracts the π electron system of the benzene ring to form a nonaromatic 
carbocation. 

 

3. The positive charge on the carbocation that is formed is delocalized throughout the molecule. 
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4. The loss of a proton from the atom to which the acetyl group has bonded restores the 
aromaticity. 

 

5. The proton reacts with the AlCl4
− to regenerate the AlCl3 catalyst and form the product HCl.  

 

 

We are going to talk about the details of the mechanism below but for now, let’s also mentions 

that the reactivities of aryl halides increases, depending on the leaving group, in the following 

order: 

 

 
 So, the more electronegative the halogen, the better leaving group it is in a nucleophilic aromatic 

substitution.And this is the opposite of what we learned in the SN1 and SN2 reactions. We learn 

that the carbon-fluorine bond is the strongest and the iodide being polarizable was the best 

leaving group. 



 

WURTZ - FITTING REACTION:

Aryl halides reacts alkyl halides and sodium metal in the presence of dry ether to give 

substituted aromatic compounds

Activating and Deactivating Groups 

An activating group can increase

reaction, relative to hydrogen. For eg. CH

substitute a hydrogen on benzene for CH

 

A deactivating group, on the other hand,

aromatic substitution reaction, relative to hydrogen.

, drastically decreases the rate of nitration when substituted for a hydrogen on benzene.

 

This definition is ultimately based on

us why each group accelerates or decreases the rate. “Activating” and “deactivating” just refers 

to the effect of each substituent on the rate, relative to H.
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FITTING REACTION: 

Aryl halides reacts alkyl halides and sodium metal in the presence of dry ether to give 

substituted aromatic compounds. 

Activating and Deactivating Groups  

An activating group can increase the rate of an electrophilic aromatic s

. For eg. CH3 is a example of an activating group; when we 

substitute a hydrogen on benzene for CH3, the rate of nitration is increased. 

, on the other hand, decreases the rate of an electrophilic 

aromatic substitution reaction, relative to hydrogen. The trifluoromethyl group, CF

drastically decreases the rate of nitration when substituted for a hydrogen on benzene.

This definition is ultimately based on experimental reaction rate data. 

each group accelerates or decreases the rate. “Activating” and “deactivating” just refers 

to the effect of each substituent on the rate, relative to H. 

Aryl halides reacts alkyl halides and sodium metal in the presence of dry ether to give 

 

the rate of an electrophilic aromatic substitution 

is a example of an activating group; when we 

electrophilic 

The trifluoromethyl group, CF3 

drastically decreases the rate of nitration when substituted for a hydrogen on benzene. 

.  It doesn’t tell 

each group accelerates or decreases the rate. “Activating” and “deactivating” just refers 
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 1. ortho-, para- Directors 

Start with a monosubstituted benzene. Then perform some kind of electrophilic aromatic 
substitution  (nitration, halogenation, sulfonylation – turns out it doesn’t matter). 

Two important reaction patterns are observed.  

In one pattern, ortho- and para– products dominate, and the meta- product is an 
extremely minor byproduct. 

 

Substituents which lead to this result are called, “ortho-, para- directors”. Examples of ortho-
, para– directors are hydroxyl groups, ethers, amines, alkyl groups, thiols, and halogens. 

Here’s a concrete example: the nitration of methoxybenzene (also known as anisole). 
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ortho- and para- products dominate, while meta– products comprise less than 3%. 

2. meta- Directors 

In the second pattern, the meta– product dominates, and the ortho- and para– products are minor. 
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We call the substituents which lead to this result “meta- directors”. Examples of meta– directors 
include nitriles, carbonyl compounds (such as aldehydes, ketones, and esters), sulfones, electron-
deficient alkyl groups, nitro groups, and alkylammoniums. 

Specific example: nitration of trifluoromethylbenzene gives the meta product in about 90% yield. 
(Compare that to the case of anisole, above, where nitration resulted in a <5% yield of the meta 
product. ) 

 

Orientational Interaction of Substituents 

When a benzene ring has two substituent groups, each exerts an influence on subsequent 

substitution reactions. The activation or deactivation of the ring can be predicted more or less by 

the sum of the individual effects of these substituents. The site at which a new substituent is 

introduced depends on the orientation of the existing groups and their individual directing 

effects. We can identify two general behavior categories, as shown in the following table. Thus, 

the groups may be oriented in such a manner that their directing influences act in concert, 

reinforcing the outcome; or are opposed (antagonistic) to each other. Note that the orientations in 

each category change depending on whether the groups have similar or opposite individual 

directing effects. 

Antagonistic or Non-Cooperative             Reinforcing or Cooperative 
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D = Electron Donating Group (ortho/para-directing)

W = Electron Withdrawing Group (meta-directing) 

Reinforcing or Cooperative Substitutions  

The products from substitution reactions of compounds having a reinforcing orientation 

of substituents are easier to predict than those having antagonistic substituents. For example, the 

six equations shown below are all examples of reinforcing or cooperative directing effects 

operating in the expected manner. Symmetry, as in the first two cases, makes it easy to predict 

the site at which substitution is likely to occur. Note that if two different sites are favored, 

substitution will usually occur at the one that is least hindered by ortho groups. 

 

 
 

The first three examples have two similar directing groups in a meta-relationship to each 

other. In examples 4 through 6, oppositely directing groups have an ortho or para-relationship. 

The major products of electrophilic substitution, as shown, are the sum of the individual group 

effects. The strongly activating hydroxyl (–OH) and amino (–NH2) substituents favor 

dihalogenation in examples 5 and 6. 

Antagonistic or Non-Cooperative Substitutions  

If the substituents are identical, as in example 1 below, the symmetry of the molecule will 

again simplify the decision. When one substituent has a pair of non-bonding electrons available 

for adjacent charge stabilization, it will normally exert the product determining influence, 

examples 2, 4 & 5, even though it may be overall deactivating (case 2). Case 3 reflects a 

combination of steric hindrance and the superior innate stabilizing ability of methyl groups 

relative to other alkyl substituents. Example 6 is interesting in that it demonstrates the conversion 

of an activating ortho/para-directing group into a deactivating meta-directing "onium" cation [–

NH(CH3)2
(+) ] in a strong acid environment. 
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Unit V   Alcohols, Phenols and Ethers:    

 Alcohol:  

  Alcohols are organic compounds which contain a hydroxyl (—OH) group 

covalently bonded to a carbon atom. The oxygen atoms in alcohols are sp
3-hybridized, and have 

bent shapes, with bond angles of slightly less than 109.5° to each other. Alcohols are polar, 

since they have oxygen-hydrogen bonds, which allow alcohol molecules to attract each other 

through hydrogen bonds. 

1.1 Classification of alcohols: 

Alcohols are classified as primary (1º), secondary (2º), or tertiary (3º), depending on the 

number of carbons connected to the alcoholic carbon: 

 
Primary alcohols 

  In a primary (1°) alcohol, the carbon which carries the -OH group is only attached 

 to one alkyl group. Some examples of primary alcohols include: 

 
  In each case there is only one linkage to an alkyl group from the CH2 group 

holding the -OH group. There is an exception to this. Methanol, CH3OH, is counted as a primary 

alcohol even though there are no alkyl groups attached to the carbon with the -OH group on it. 

Secondary alcohols 

  In a secondary (2°) alcohol, the carbon with the -OH group attached is joined 

directly to two alkyl groups, which may be the same or different. Examples: 
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Tertiary alcohols 

  In a tertiary (3°) alcohol, the carbon atom holding the -OH group is attached 

directly to three alkyl groups, which may be any combination of same or different. Examples: 

 
1.2  Preparation of Alcohols 

 (i) From alkenes 

  (a) By acid catalysed hydration in accordance with Markownikoff’s rule. 

  

  The Rule : The halide component of HX bonds preferentially at the more 

highly substituted carbon, whereas the hydrogen prefers the carbon which already 

contains more hydrogen atoms. 

 

 Mechanism 

  Step I:  Protonation of alkene by attack of H3O
+ 

 
 

  Step II:  Nucleophilic attack 
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  Step III:  Deprotonation to form an alcohol 

 
  

  

1.3 Physical Properties of Alcohols 

 1. Lower alcohols are colourless liquids, members from C5 – C11 are oily liquids and 

 higher members are waxy solids. 

 2. The hydroxyl groups in alcohols can form H-bonds with water, so alcohols are 

miscible  with water. The solubility decreases with increase in molecular mass. 

 3. Boiling points of alkanes are higher than expected because of the presence of 

 intermolecular hydrogen bonding in the polar molecules. 

 [The boiling point decreases in the order 1° > 2° > 3° as the van der Waals’ forces of 

 attraction decreases] 

1.4 Chemical Reactions of Alcohols  

i) Reactions involving cleavage of O – H Bond 

 
 Alcohols are weaker acids than water due to +1 group present in alcohols, which 

decreases  the polarity of -O-H bond. 

 Acid strength of alcohols 

 



 Electron releasing group increases electron density on oxygen to decrease the polarity of 

–  OH bond. 

 Order of acidity is  RCOOH> H2CO3 > C6H5OH > H2O > R 

 (ii) Esterification 

RCOOH  + ROH                     RCOOR + H

 The reaction with R’COOH and (R’ CO)

 remove water. 

 The reaction with R’ COCI is carried 

 HCI which is formed during the reaction.

ii) Elimination:  

Alcohols undergo dehydration (loss of water molecule) in acidic medium to give 

olefins. A double bond is formed due to loss of water molecule. It is 

reaction. According to 

m

o

r

e

 

s

u

bstituted alkene (olefin) is formed as a major product, since greater the substitution of 

double bond greater is the stability of alkene.

Zaitsev’s Rule 

According to Zaytsevs rule, the dehydration of a secondary alcohol favours the 

product in which hydrogen is removed from the carbon atom in the chain with the smaller 

number of H atoms. 

 

Alcohols can also be converted to alkyl chlorides using thionyl 

Reaction of secondary alcohols with Cu : Secondary alcohols undergo 
dehydrogenation to form ketones.
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Electron releasing group increases electron density on oxygen to decrease the polarity of 

of acidity is  RCOOH> H2CO3 > C6H5OH > H2O > R – OH. 

RCOOH  + ROH                     RCOOR + H2O 

The reaction with R’COOH and (R’ CO)2O is reversible, so cone, H

The reaction with R’ COCI is carried out in the presence of pyridine so as to neutralise

HCI which is formed during the reaction. 

Alcohols undergo dehydration (loss of water molecule) in acidic medium to give 

olefins. A double bond is formed due to loss of water molecule. It is 

reaction. According to Saytzeff's rule (also Zaitsev's rule), during dehydration, 

bstituted alkene (olefin) is formed as a major product, since greater the substitution of 

double bond greater is the stability of alkene. 

According to Zaytsevs rule, the dehydration of a secondary alcohol favours the 

product in which hydrogen is removed from the carbon atom in the chain with the smaller 

Alcohols can also be converted to alkyl chlorides using thionyl chloride, SOCl2, or 

Reaction of secondary alcohols with Cu : Secondary alcohols undergo 
dehydrogenation to form ketones. 

Electron releasing group increases electron density on oxygen to decrease the polarity of 

O is reversible, so cone, H2SO4 is used to 

out in the presence of pyridine so as to neutralise

Alcohols undergo dehydration (loss of water molecule) in acidic medium to give 

olefins. A double bond is formed due to loss of water molecule. It is an elimination 

, during dehydration, 

bstituted alkene (olefin) is formed as a major product, since greater the substitution of 

According to Zaytsevs rule, the dehydration of a secondary alcohol favours the 

product in which hydrogen is removed from the carbon atom in the chain with the smaller 

, or  

Reaction of secondary alcohols with Cu : Secondary alcohols undergo 
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Reacton of tertiary alcohols with Cu : Tertiary alcohols undergo dehydrogenation 
to form alkenes. 

 

vii) Oxidation  

 

i. The oxidation of an alcohol depends on the type of oxidizing agent used and on the 

substituents at the carbon atom bearing the OH group.  

ii. Primary alcohols are first converted to aldehydes which are frequently oxidized further 

to carboxylic acids in a fast reaction. 

iii. Secondary alcohols yield the corresponding ketones. 

iv. Tertiary alcohols cannot be oxidized unless harsh conditions are used that cause 

complete structural degradation.  

v. All reactions are reversible under reductive conditions. 

 

viii) Alkyl sulfonate formation. 

Alcohols may be converted to alkyl sulfonates, which are sulfonic acid esters. These esters are 

formed by reacting an alcohol with an appropriate sulfonic acid. For example, methyl tosylate, a 

typical sulfonate, is formed by reacting methyl alcohol with tosyl chloride.  
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Uses of alcohol 

i) Used as an ingredient in alcoholic beverages E.g. wine and beer  

ii) Used to produce methylated spirit (meth) 

iii) Used as a fuel 

i) Ethanol burns cleanly to form carbon dioxide and water. Using ethanol as fuel does not  

contribute much to pollution. 

ii) Ethanol is usually mixed with gasoline to produce 'gasohol", which is about 10-20%  

ethanol. 

iii) Using ethanol as a fuel reduces our reliance on natural fossil fuels such as petrol. 

iv) Used as a solvent 

Ethanol is commonly used as an organic solvent to dissolve organic compounds which 

are insoluble in water. E.g. used in cosmetics such as perfumes; used in medicines such 

as disinfectants; used in toiletries such as after-shave lotions. 

Advantages of ethanol as a solvent is that it is volatile, colourless and has a relatively 

high boiling point of 78°C. It is also miscible in both water and other organic solvents. 

 

2) Rectified 

spirit: 

 

 Rectified spirit, also known as neutral spirits, rectified alcohol, or ethyl alcohol of   

 agricultural origin is highly concentrated ethanol which has been purified by means  

 ofrepeated distillation, a process that is called rectification. It typically contains   

 95% alcohol  by volume. 

 Uses 

  It is also used to make homemade liqueurs, such as limoncello, and in cooking  

  because its high concentration of alcohol acts as a solvent to extract flavors.  

  Rectified spirits are also used for medicinal tinctures. 

3) Methylated spirit 

Methylated spirit is ethanol mixed with small amounts of methanol, which is poisonous, 

making it unfit for consumption.  



129 

i. Methylated spirit is combustible so it can be used in lamps and stoves, especially 

those made for camping. 

ii. Methylated spirit is used to remove ink from non-porous surfaces. E.g. removing 

permanent ink from various kinds of surfaces, such as metals and plastics.  

iii. Methylated spirit is used as a component of household cleaning products, usually 

glass cleaners. 

4) Absolute Alcohol: 

   Absolute ethyl alcohol is l00% pure ethyl alcohol. Commercial alcohol (Rectified 

 Spirit) is a mixture of 95% ethyl alcohol and 5% water. This mixture cannot be separated 

 by further distillation. Such a solution is called Azeotropic Mixture or Azeotrope.  

 Absolute ethyl alcohol (water free alcohol) may be obtained as follows: 

 Laboratory Method: 

  Quicklime is added to the commercial alcohol. The mixture is refluxed for 8 

hours.  It is then distilled to give absolute ethyl alcohol.  

 

 
 IndustrialMethod: 

 Benzene is added to the commercial alcohol. Distillation of the mixture yields three 

 fractions : 

  At 65oC, a constant boiling mixture of ethyl alcohol, benzene, and water (a 

ternary  azeotrop; At 68oC, a constant boiling mixture of ethyl alcohol and benzene (a 

binary   azeotrope). At 78oC, absolute alcohol is obtained. 

 

5) POWER ALCOHOL 

  Power alcohol is the mixture of ethyl alcohol and petrol in the ratio of 20:80 + 

 Small quantity of Benzene.  

 ADVANTAGES OF POWER ALCOHOL 

1. Ethyl alcohol has good Anti-knocking property and its octane number is 90. 

2. It has property of absorbing any traces of water if present in petrol. 



3. If a specially designed engine with higher compression ratio is used then the 

disadvantage and lower calorific value can be overcome.

4. It contains O atoms which help for complete combustion of power alcohol & the 

polluting emission of CO, hydrocarbon, particulates are reduced largely.

5. Use of ethyl alcohol in petrol reduces our dependence

and saves foreign currency considerably.

6. Power alcohol is cheaper than petrol.

6) ALLYL ALCOHOL  

 Allyl alcohol is an important unsaturated alcohol.

Preparation. 

 (1) From Propene:Propene is first converted into ally1 chloride by high temperature 

 chlorination Allyl chloride is then treated with aqueous NaOH at 150

(2) From Glycerol:Allyl alcohol may also be obtained by heating glycerol with oxalic acid at 

230oC. 

 

Properties: 

 Allyl alcohol is a colorless liquid, bp 97

completely miscible with water. Allyl alcohol contains a carbon

primary -OH group. 

130 

If a specially designed engine with higher compression ratio is used then the 

dvantage and lower calorific value can be overcome. 

It contains O atoms which help for complete combustion of power alcohol & the 

polluting emission of CO, hydrocarbon, particulates are reduced largely.

Use of ethyl alcohol in petrol reduces our dependence on foreign countries for petrol 

and saves foreign currency considerably. 

Power alcohol is cheaper than petrol. 

Allyl alcohol is an important unsaturated alcohol. 

:Propene is first converted into ally1 chloride by high temperature 

chlorination Allyl chloride is then treated with aqueous NaOH at 150oC under pressure. 

Allyl alcohol may also be obtained by heating glycerol with oxalic acid at 

Allyl alcohol is a colorless liquid, bp 97oc. It has a pungent odor. Allyl alcohol is 

completely miscible with water. Allyl alcohol contains a carbon-carbon double bond and a 

If a specially designed engine with higher compression ratio is used then the 

It contains O atoms which help for complete combustion of power alcohol & the 

polluting emission of CO, hydrocarbon, particulates are reduced largely. 

on foreign countries for petrol 

:Propene is first converted into ally1 chloride by high temperature 

C under pressure. 

 

Allyl alcohol may also be obtained by heating glycerol with oxalic acid at 

 

c. It has a pungent odor. Allyl alcohol is 

carbon double bond and a 
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PROPERTIES OF THE UNSATURATED GROUPS 

1) Addition of Hydrogen in presence of platinum 

  H2C=CH-CH2OH + H2H3C-CH2-CH2OH 

  Allyl Alcohol     1-Propanol 

2) Addition of halogen 

  H2C=CH-CH2OH + Br2H2CBrCHBrCH2OH 

  Allyl Alcohol     2,3Dibromo-Propanol 

3) Addition of halogen acids  

  H2C=CH-CH2OH + HBrH2CBrCH2CH2OH 

  Allyl Alcohol             3 Bromo-1-Propanol 

  H2C=CH-CH2OH + HOClH2COHCHClCH2OH 

  Allyl Alcohol    Glycerol βmonochlorohydrin 

4) oxidation with alkaline permanganate  

  H2C=CH-CH2OH + [O] + H2OKMnO4H2COHCHOHCH2OH 

  Allyl Alcohol                   Glycerol PROPERTIES DUE TO  

7) Estimation of the number of hydroxyl groups in a polyhydric alcohol 

 A known weight of a polyhydric alcohol is acetylated with acetic acid anhydride and 

pyridine. A known weight of the acetyl, derivative of the polyhydric alcohol is refluxed with a 

known volume of a standard alkali (excess). The unused alkali test over is titrated back with 

standard acid solution and thus the amount of the alkali actually used for hydrolysis of say W g 

of acetyl derivative id found out. 

X(OH)n                           X(OCOCH3)nnKOH          X(OH)n+ CH3COOK 

polyhydric alcohol   Acetyl derivative      56n 

(Mol. Mass = M)   (Mol. mass M-n + 43 n) 

     (=M+42n) 

Since molecular mass of (COCH3) is 43 and molecular mass of KOH is 56 

As it is the clear from the equation, M+42n g of acetyl derivative require 56n g of KOH 

 Actually w g of the acetyl derivative require w g of KOH, hence (M+42n)g of the acetyl 

derivative will require 

= �
� (� + �� ) ! "# $%& 

 

Equating this with 56n we get    
�
� (� + �� ) = '( . from this n can be calculated. 
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Problem:  

0.218 g of the acetyl derivative of a polyhydric alcohol of molecular mass is 92 requires 

0.168 g of KOH for hydrolysis. Calculate the number of hydroxyl groups in the alcohol.  

Given 

 W=0.218 g       w=0.168 g    M=92 

 
�
� (� + �� ) = '( . we get 

 
).+(,�
).�+, (-� + �� ) = '( . 

(-� + �� ) = ). �+,
). +(, '(  

(-� + �� ) = �+,
.   

�/( + +�( = �+,  

�+, − +�( = �/( 

-� = �/( 

 = �/(
-� = .   i.e., the alcohol is trihydric alcohol 

8) Phenols 

8.1) Preparation of Phenols 

(i) From haloarenes 

 
(ii) From benzene sulphonic acid 

 
8.3 Chemical Properties of Phenols 

 (a) Acidity of phenols 

 Phenol is more acidic than alcohols due to stabilisation of phenoxide ion through 

resonance. 



Moreover, the phenoxide ion so produced is stabilised by the delocalization of charge in phenol.

Note:  The presence of electron withdrawing group like NO

whereas the electron donating groups like an alkyl group decreases the acidic strength. 

Therefore, the acidic strength order is

 Presence of electron withdrawing group increases the acidity of phenol by, 

stabilisingphenoxide ion while presence of electron releasing group decreases t

phenol by destabilisingphenoxide ion.

  Thus.increasing acidic strength is

 o-cresol< p-cresol < m-cresol < phenol < o

acid) 

  Higher Ka and lower pKa value corresponds to the stronger acid

8.4 Electrophilic substitution reactions

 The presence of OH group on benzene increases the electron density on the benzene ring 

making it more susceptible to attack by an electrophile. The reactions involving benzene ring are 

electrophilic substitution reaction. The presence of OH group makes the orthoandpara carbon of 

benzene more electron rich than meta position. The OH group is called 
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Moreover, the phenoxide ion so produced is stabilised by the delocalization of charge in phenol.

The presence of electron withdrawing group like NO2group, increases the acidic strength 

ng groups like an alkyl group decreases the acidic strength. 

Therefore, the acidic strength order is 

Presence of electron withdrawing group increases the acidity of phenol by, 

stabilisingphenoxide ion while presence of electron releasing group decreases t

phenol by destabilisingphenoxide ion. 

Thus.increasing acidic strength is 

cresol < phenol < o-nitrophenol< 2, 4. 6.trinitrophenol (picric 

Higher Ka and lower pKa value corresponds to the stronger acid 

Electrophilic substitution reactions 

The presence of OH group on benzene increases the electron density on the benzene ring 

making it more susceptible to attack by an electrophile. The reactions involving benzene ring are 

on. The presence of OH group makes the orthoandpara carbon of 

benzene more electron rich than meta position. The OH group is called o ϕ, p ϕ directing group.

Moreover, the phenoxide ion so produced is stabilised by the delocalization of charge in phenol. 

 

group, increases the acidic strength 

ng groups like an alkyl group decreases the acidic strength. 

Presence of electron withdrawing group increases the acidity of phenol by, 

stabilisingphenoxide ion while presence of electron releasing group decreases the acidity of 

nitrophenol< 2, 4. 6.trinitrophenol (picric 

 

The presence of OH group on benzene increases the electron density on the benzene ring 

making it more susceptible to attack by an electrophile. The reactions involving benzene ring are 

on. The presence of OH group makes the orthoandpara carbon of 

ϕ directing group. 



  

   

Uses of phenol 

• It is used as an antiseptic.
• It is used as a disinfectant in household clea
• It is used in the preparation of resins, dyes, explosives, lubricants, pesticides, plastics, 

drugs, etc. 

8.6 COMPARISON OF PHENOL with ALCOHOL

The following six reactions describe the basic differences in the reactivity of phenol and ethyl 

alcohol: 

(1) Reaction with NaOH. Phenol is more acidic than ethyl alcohol. It reacts with NaOH to 

give sodium phenoxide. Ethyl alcohol does not react with NaOH.

(2) Catalytic Reduction. Phenol undergoes reduction with H

Ethyl alcohol does not give this reaction.

 C6H5OH + 3H2(Ni)        

(3) Reaction with diazonium Salts.

dye. Ethyl alcohol does not form dyes.

(4) Reaction with FeCl3. Phenol gives purple coloration with neutral ferric chloride solution. 

Ethyl alcohol does not react. 

(5) Reaction with Carboxylic Acids.

Phenol does not give this reaction
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It is used as an antiseptic. 
It is used as a disinfectant in household cleaners. 
It is used in the preparation of resins, dyes, explosives, lubricants, pesticides, plastics, 

8.6 COMPARISON OF PHENOL with ALCOHOL 

The following six reactions describe the basic differences in the reactivity of phenol and ethyl 

Phenol is more acidic than ethyl alcohol. It reacts with NaOH to 

give sodium phenoxide. Ethyl alcohol does not react with NaOH. 

Phenol undergoes reduction with H2/Ni to form cyclohexanol. 

ve this reaction. 

(Ni)             C6H11OH (Cyclohexanol) 

(3) Reaction with diazonium Salts. Phenol reacts with benzenediazonium chloride to form a 

dye. Ethyl alcohol does not form dyes. 

Phenol gives purple coloration with neutral ferric chloride solution. 

(5) Reaction with Carboxylic Acids. Ethyl alcohol reacts with carboxylic acids to form esters. 

Phenol does not give this reaction 

 

It is used in the preparation of resins, dyes, explosives, lubricants, pesticides, plastics, 

The following six reactions describe the basic differences in the reactivity of phenol and ethyl 

Phenol is more acidic than ethyl alcohol. It reacts with NaOH to 

 

/Ni to form cyclohexanol. 

Phenol reacts with benzenediazonium chloride to form a 

 

Phenol gives purple coloration with neutral ferric chloride solution. 

Ethyl alcohol reacts with carboxylic acids to form esters. 
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(6) Reaction with Halogen Acid: Ethyl alcohol reacts with halogen acids to form alkyl halides. 

Phenol does not give this reaction. 

.  

9)  Libermann reaction 

 While phenol is reacted with NaNO2 and concentrated H2SO4, it provides a deep green or 

blue colour which changes to red on dilution with water. While generated alkaline along with 

NaOH original green or blue colour is restored. This reaction is termed as Liebermann's nitroso 

reaction and is employed as a test of phenol. 

10) Lederer –Manasse reaction: 

 LedererManasse Reaction: Baekeland LedererManasse Reaction also called Baekeland 

Reaction. This Reaction is the Condensation of Phenol(Ar-OH) with Formaldehyde(HCHO), in 

the Presence of acid or base, it gives ortho Benzyl alcohol as minor Product and Para Benzyl 

alcohol as Major Product. This Reaction can give Product in the acidic medium as well in the 

alkali medium. 

 

 

Mechanism 

 



 

Reimer Tiemannreaction 

When phenols i.e. C6H5OH is treated with CHCl

hydroxide), an aldehyde group (

leading to the formation of o-hydroxybenzaldehyde or 

known as Reimer Tiemann reaction.

12) Elbs- persulphate reaction 

 The Elbspersulfate oxidation

persulfate to form para-diphenols

13) Convertion of Phenol into phenolic acids

Klobe -Schmitt reaction 
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is treated with CHCl3 (chloroform) in the presence of NaOH (sodium 

hydroxide), an aldehyde group (-CHO) is introduced at the ortho position of benzene ring 

hydroxybenzaldehyde or salicylaldehyde.The reaction is popularly 

known as Reimer Tiemann reaction. 

 

 

Elbspersulfate oxidation is the organic reaction of phenols with alkaline 

diphenols.  

 

 

13) Convertion of Phenol into phenolic acids 

 

(chloroform) in the presence of NaOH (sodium 

CHO) is introduced at the ortho position of benzene ring 

The reaction is popularly 

with alkaline potassium 
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 The Kolbe-Schmitt reaction is an organic reaction used to convert a phenol to a hydroxy 

benzoic acid using carbon dioxide gas, a base, and acid. 

 

 

The mechanism begins with deprotonation of the phenol by the base to form a phenoxide. The 

phenoxide rearranges to form a carbonyl group while the aromatic ring attacks the CO2 

molecule. The attack can happen from either the ortho or para position, which explains the two 

possible products, and results in the loss of aromaticity of the ring. 

 
 

14) Catechol. 

 It is obtained by hydrolysis of o-dichlorobenzene with dilute sodium hydroxide solution 

at200oC and in the presence of copper sulphate catalyst. 

 
 

15) Resorcinol 

 It is obtained from m-benzenesulfonic acid. 
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16) Quinol (Hydroquinone) 

  It is obtained by reduction of p-benzoquinone with iron in the presence of water, p-

Benzoquinone is prepared by oxidation of aniline. 

 

17) Pyrogallol 

 It is obtained by heating gallic acid at 220oC. 

 

18) Phloroglucinol 

It is obtained from 2,4,6- trinitrotoluene  

 
 

19) Conversion of catechol into safrole 

Safrole can be synthesized in three steps from unwatched chemicals in good yield: 
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Catechol (1,2-dihydroxybenzene, or pyrocatechol) is reacted in a basic solution with 

dibromomethane (CH2Br2) to 1,2-methylenedioxybenzene. 

The 1,2-methylenedioxy- benzene is selectively brominated with N-bromo- succinimide to 

form 4-bromo- 1,2-methylenedioxybenzene. 

The 4-bromo-1,2-methylenedioxy- benzene is reacted with Mg to give the Grignard adduct 

(R-MgBr), and coupled with allyl bromide to form safrole. 

Diethyl ether can always be substituted by more harmless and non-watched tert-butyl methyl 

ether. All preparations are improved in the given procedure. 
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III YEAR -V SEMESTER 

COURSE CODE: 7BCH5C1 

 

CORE COURSE - IX - ORGANIC CHEMISTRY – II 

 
Unit I   Organic halogen compounds: 

1.1. Alkyhalides: classification and preparation. Reactions of alkyl halides: Substitution 
and elimination reactions of alkyl halides.  Uses of alkyl halides as a starting material in organic 
synthesizes, insecticides, pesticides and refrigerants.Poly halogen derivatives: Preparation and 
applications of chloroform, carbon tetrachloride, westron and Freon. Halogen derivatives of 
unsaturated hydrocarbons: Preparation and uses of vinyl chloride, allyl chloride and allyl iodide. 

1.2. Aryl halides: aryl halides and aryl alkyl halides. Preparation, properties and uses of 
aryl halides.Nucleophilic substitution reactions of chlorobenzen.Bimolecular and elimination - 
addition (benzyne) mechanisms of nucleophilic substitution reactions.Von Richter reaction of 
halogenonitrobenzene.Benzyl chloride and benzylidene chloride.Distinguishing aryl and aryl 
alkyl halogen derivatives.BHC and DDT preparation and properties. 

1.3.Organo metallic compounds: Grignard reagent preparation properties and uses of 
Grignard reagent as a synthetic agent. Organo copper and organo lithium compounds and their 
uses as synthetic agents and catalysts.Limitations, in the usage of organo metallic compounds as 
synthetic agents.Preparation and synthetic uses of Gilman reagent. 
 
Unit II  Carbonyl Compounds: 

2.1. Carbonyl Compounds (Aldehydes and Ketones): general methods of preparation 
of aliphatic and aromatic aldehydes and ketones. Conversion of an alcohol in to carbonyl 
compound by using N-bromosuccinimide and Oppenauer oxidation.Rosenmund’s reduction, 
Stephen’s method and Sommelet reactions.General properties of aldehydes and ketones.MPV 
reduction, Clemmenson reduction, Wolff – Kishner reduction.Oxidation of aldehydes and 
ketones.Baeyer – Villiger oxidation. 

2.2. Nucleophilic addition reactions and Condensation reactions.  Comparison of 
reactivity of aliphatic and aromatic aldehydes and ketones.Addition of hydrogen cyanide, and 
alcohols and protection of carbonyl groups and regeneration.Addition of amines to produce 
imines and enamines. Schmidt reaction, aldol condensation, Claisencodensation, Claisen – 
Schmidt condensation, Knovenagel, benzoin and Darzen-  Glycdic condensation – Stork 
condensation reactions. Perkin reaction.Differences between aldehydes and ketones.Wittig 
reaction of carbonyl compounds and its synthetic applications.Preparation and properties of 
formaldehyde and acetaldehyde, polymerization, Cannizzaro reaction.Tischenko 
reactions.Chloral preparation and its properties. 

2.3. α, β – unsaturated carbonyl compounds. Preparation and properties α, β unsaturated 
carbonyl compounds. Conjugated nucleophilic additions.Reactions of α, β unsaturated 
compounds with Grignard reagent and with Gilman reagent.Preparation and properties of acetyl 
acetone and acetonyl acetone.Active methylene group and generation of carbanion. 
 
Unit III  Aliphatic and aromatic carboxylic acids and their derivatives: 

3.1.Carboxylic acids: preparation and properties of aliphatic and aromatic mono – 
carboxylic acids. Systematic conversion of a hydrocarbon into a carboxylic acid with same and 
more number of carbon atoms.Comparison of acidity of aliphatic and aromatic carboxylic 
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acids.Effects of substituents and their position on the acidity of carboxylic acids.Ortho 
effects.Reactions of carboxylic acids and formation acyl halides, amides, esters, etc.Preparation, 
properties and estimation of urea. 

3.2. Dicarboxylic acids and substituted carboxylic acids: preparation, properties and 
uses of oxalic acid, malonic acid, succinic acid and phthalic, maleic and fumaric acids. 
Preparation and properties of hydroxy acids, amino acids and halogen substituted acids. Action 
of heat on various hydroxyl acids and amino acids. 

3.3. Carboxylic acid derivatives: carboxylic esters, carboxyl chlorides and amides 
preparation and their properties. Active methylene group.Preparation of malonic ester and its 
synthetic uses.Acetoacetic ester and its synthetic uses. 
 
Unit IV  Organic Nitrogen derivatives. 

4.1. Organic nitro compounds: preparation and properties of nitro methane, nitroso 
methane, nitrobenzene, dinitrobenzene,   trinitrobenzene, trinitrotoluene, trinitrophenol and 
trinitroglycerine.    

4.2.Amines: classification of amines, preparation aliphatic and aryl amines. Systematic 
conversion of a hydrocarbon into an amine through different intermediates.Properties of aliphatic 
amines and aryl amines.Comparison of basicity of aliphatic amines with aromatic amines.Effect 
of substituents on the basicity of amines and anilines.Alkylation and acylation of 
amines.Substitution reactions of amines with alkyl halides.Hoffmann elimination.Electrophilic 
substitutions of aryl amines.Diazotization of amines – Sandmeyer reaction.Synthetic applications 
of diazonium chloride. 

4.3. Heterocyclic compounds: definition and classification heterocyclic compounds. 
Preparation and properties of furan, pyrole, pyridine and thiophene.Comparison of the basicity of 
pyrole and pyridine.Preparation, properties and biological importance of imidazole, pyrimidine 
and purine.Fischer indole synthesis and properties of indole. 
 
 

Unit V  Colourants 

5.1. Dyes and pigments: Definition of dyes, pigments, chromophores and auxo – 
chromes with suitable examples. Differences between dyes and pigments. Classification of dyes 
based on chromophores, method of application and uses with suitable examples. Chromophores 
– auxochrome theory and modern theory of colour and constitution. Definitions and examples of 
mordents and leuco bases. Colour index of dyes and its significances. Phototropism and its 
importance in applications of dyes with suitable examples.Toxicity of dyes and pigments. 
      

♣♣♣♣♣♣♣♣♣♣ 
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UNIT 1:   Organic halogen compound:  
Any of a class of organic compounds that contain at least 

one halogen (fluorine [F], chlorine [Cl], bromine [Br], or iodine bonded to carbon. They are 

subdivided into alkyl, vinylic, aryl, and acyl halides. In alkyl halides all four bonds to the carbon that 

bears the halogen are single bonds; in vinylic halides the carbon that bears the halogen is doubly 

bonded to another carbon; in aryl halides the halogen-bearing carbon is part of an aromatic ring; 

and in acyl halides (also called acid halides) the halogen-bearing carbon is doubly bonded 

to oxygen.  

PVC 
Vinyl chloride is an organohalogen compound that has important industrial applications. When treated 
with certain catalysts, vinyl chloride monomers undergo polymerization and form the larger compound 
known as polyvinyl chloride, or PVC. PVC is used in the manufacture of numerous products, including 
packaging films and water pipes. 
Encyclopædia Britannica, Inc. 

 

It is the type of carbon to which the halogen is directly bonded that is primarily responsible for the 
characteristic properties of each class. Thus, the carbon that bears the halogen in allyl chloride 
(CH2=CHCH2Cl) is singly bonded to each of its attached atoms, which makes the compound an alkyl 
halide even though a double bond is present elsewhere in the chain. For the same reason, benzyl 
chloride (C6H5CH2Cl) is an alkyl halide, not an aryl halide, even though a benzene ring is present. 

Organohalogen compounds differ widely in chemical reactivity, depending on the halogen and the class 
to which they belong, and they may even differ within a class. A halogen substituent is considered a 
functional group, and the transformations of organohalogen compounds rank among the most important 
in organic chemistry. Many organohalogen compounds, especially organochlorine compounds, are 
important industrial chemicals; they are used as solvents and pesticides and as intermediates in the 
preparation of dyes, drugs, and synthetic polymers. More than 2,000 organohalogen compounds have 
been identified as naturally occurring materials and are produced by various plants, fungi, bacteria, and 
marine organisms. A variety of synthetic methods to introduce halogens into organic molecules are 
available, and organic halogen compounds may be converted to other functional-group classes by reliable 
methods. 
Nomenclature:Two types of IUPAC nomenclature are used when naming organohalogen 
compounds: substitutive and functional class. In substitutive nomenclature the prefix fluoro-, chloro-, 
bromo-, or iodo- is added to the name of the hydrocarbon framework along with a number (called a 
locant) identifying the carbon to which the halogen is attached. Substituents, including the halogen, are 
listed in alphabetical order. Examples of substitutive nomenclature are given here. 
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Two separate words are used when naming alkyl halides by functional class nomenclature. The first word 
is the IUPAC name of the alkyl group (for an explanation of IUPAC nomenclature, see hydrocarbon), and 
the second is the word fluoride, chloride, bromide, or iodide—depending on the halogen. The alkyl group 
chain is numbered beginning at the carbon to which the halogen is attached. 

 

Some chlorinated hydrocarbons are known by common names of long standing. These include 
CH2Cl2 (methylene chloride), CHCl3 (chloroform), CCl4 (carbon tetrachloride), CH2=CHCl (vinyl 
chloride), and CH2=CCl2 (vinylidene chloride). 

Carbon-Halogen Bond Strengths And Reactivity:Among the various classes of organohalogen 
compounds, aryl halides have the strongest carbon-halogen bonds and alkyl halides the weakest, as, for 
example, in the following series of organochlorine compounds. (The bond dissociation energy is the 
amount of energy needed to break a given bond of a molecule in the gaseous phase.) 

 

There is a rough correlation between bond strength and the rates of reaction of organohalogen 
compounds; for example, the stronger the carbon-halogen bond, the slower the rate of reaction. Many of 
the most common and useful reactions of alkyl halides, when applied to vinylic or aryl halides, occur too 
slowly to be practical. 

Alkyl Halides: Structure and physical properties: Alkyl halides (RX, where R is an alkyl group and X 
is F, Cl, Br, or I) are classified as primary, secondary, or tertiary according to the degree of substitution at 
the carbon to which the halogen is attached. In a primary alkyl halide, the carbon that bears the halogen is 
directly bonded to one other carbon, in a secondary alkyl halide to two, and in a tertiary alkyl halide to 
three. 

 

The methods used to prepare alkyl halides and the reactions that alkyl halides undergo frequently depend 
on whether the alkyl halide is primary, secondary, or tertiary. 
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A halogen substituent draws the electrons in the C―X bond toward itself, giving the carbon a partial 
positive charge (δ+) and the halogen a partial negative charge (δ-). The presence of the resulting 
polar covalent bond makes most alkyl halides polar compounds. Because the bond dipole (the measure of 
the separation of charge) of a C―X bond is the product of a charge term (largest for fluorine and smallest 
for iodine) and a distance term (smallest for fluorine and largest for iodine), the molecular dipole 
moments of alkyl halides do not vary much from one halogen to another. 

The most important reactions of organohalogen compounds involve breaking the carbon-halogen bond by 
processes in which the halogen retains both of the electrons from the original bond and is lost as a 
negatively charged ion (X−). Consistent with the order of carbon-halogen bond strengths, in which the 
bond to fluorine is the strongest and the bond to iodine the weakest of the carbon-halogen bonds, 
fluorides are normally observed to be the least reactive of the alkyl halides and iodides the most reactive. 

The boiling points of ethyl halides increase as the atomic number of the halogen increases. With 
increasing atomic number the halogen becomes more polarizable, meaning that the electric 
field associated with the atom is more easily distorted by the presence of nearby electric fields. Fluorine is 
the least polarizable of the halogens and iodine the most polarizable. An increased polarizability is 
associated with stronger intermolecular attractive forces of the London dispersion type (see chemical 
bonding: Intermolecular forces) and therefore with an increased boiling point. 

Multiple halogen substitution tends to increase the boiling point: CH3Cl boils at −24 °C (−11 °F), 
CH2Cl2 at 40 °C (104 °F), CHCl3 at 61 °C (142 °F), and CCl4 at 77 °C (171 °F). Multiple fluorine 
substitution is an exception, however: CH3CH2F boils at −32 °C (−26 °F), CH3CHF2 at −25 °C (−13 °F), 
CH3CF3 at −47 °C (−53 °F), and CF3CF3 at −78 °C (−108 °F). By reducing the molecular polarizability, 
multiple fluorine substitution weakens the strength of dispersion forces between molecules. In 
the liquid state these weakened intermolecular attractive forces are reflected in unusually low boiling 
points, and in the solid state they are responsible for the novel properties of fluorocarbon polymers. 

The densities of alkyl halides are related to intermolecular attractive forces and tend to parallel boiling 
points, alkyl fluorides being the least dense and alkyl iodides the most dense. In general, alkyl fluorides 
and chlorides are less dense than water, and bromides and iodides are more dense than water. Alkyl 
halides are not soluble in water. 

PREPARATION: Alkyl halides are prepared by three main methods.:  The first is the reaction of 
an alcohol with a hydrogen halide, as in the following synthesis of 1-bromobutane.

The 
second method is addition of a hydrogen halide to an alkene; e.g., 

 

The third method is free-radical halogenation of an alkane; e.g., 
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Each of these three methods suffers from certain features that limit its generality. Consequently, the 
particular method chosen depends on the structure of the desired alkyl halide. 

Vicinal dihalides, compounds that have halogens on adjacent carbons, are prepared by the reaction 
between a halogen and an alkene. The simplest example is the reaction between ethylene and chlorine to 
give 1,2-dichloroethane (ethylene dichloride). 1,2-Dichloroethane leads all other organohalogen 
compounds in terms of its annual production, which averages nearly 20 million tons globally per year. 
Most of this material is converted to vinyl chloride and then to polyvinyl chloride, or PVC. 

 

The methods described above are best suited for preparing alkyl chlorides and bromides. Alkyl fluorides 
and iodides are normally made from the corresponding chloride or bromide by nucleophilic substitution 
(see below Reactions). 

Among one-carbon organohalogen compounds, chloromethane is important as the starting material for the 
preparation of dichlorodimethylsilane, (CH3)2SiCl2, from which silicone polymers are produced. The 
main method for the synthesis of chloromethane is the reaction of methanol with hydrogen chloride: 

 

A second method, the high-temperature gas-phase chlorination of methane, contributes about one-third of 
the annual chloromethane production. 

 

Dichloromethane, used as a solvent, a paint remover, and aerosol propellant, is prepared by chlorination 
of chloromethane, and trichloromethane is prepared by chlorination of dichloromethane. 

 

Production of a large number of other one- or two-carbon organohalogen compounds has either been 
curtailed or eliminated because of the hazards they present with regard to ozone depletion, global 
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warming, carcinogenicity, or toxicity. One example is the group of compounds 
called chlorofluorocarbons, or CFCs. A typical CFC is dichlorodifluoromethane (CCl2F2; also known as 
CFC-12). Chlorofluorocarbons were introduced in the 1930s as safe, stable, nontoxic refrigerant gases 
and shortly thereafter became the standard materials for this purpose. In the 1970s, however, research by 
American chemists F. Sherwood Rowland and Mario Molina and by Dutch chemist Paul Crutzen, who 
shared the 1995 Nobel Prize for Chemistry, indicated that CFCs were involved in the thinning of the 
ozone layer in Antarctica. Being very stable gases, CFCs diffuse through the atmosphere and into 
the stratosphere (the atmospheric region that is approximately 10 to 50 km [6 to 30 miles] above the 
Earth’s surface), where ultraviolet radiation induces their dissociation by carbon-chlorine bond cleavage. 
The products of this cleavage are a chlorine atom and a chlorodifluoromethyl radical. (A free radical is a 
species that has one or more unpaired electrons.) 

 

With respect to ozone depletion, the chlorine atom is the more important product of this dissociation. The 
chlorine atom reacts with atmospheric ozone, abstracting an oxygen atom to form chlorine monoxide: 

 

At this point, one chlorine atom has reacted with one ozone molecule. However, a sequence of several 
steps follows in which chlorine monoxide reacts further to cleave a second molecule of ozone while 
regenerating a chlorine atom. This chlorine atom can then react with another ozone molecule to continue 
the process, eventually causing the destruction of thousands of ozone molecules. 

Because ozone is an important absorber of ultraviolet radiation, any decrease in the stratospheric 
concentration of ozone carries with it an increased risk of skin cancer. In 1987 the United Nations 
Environment Programme drafted the Montreal Protocol on Substances That Deplete the Ozone Layer, 
under which most of the world’s industrialized nations agreed in 1990 to phase out all uses of CFCs by 
the year 2000. Later amendments to the Montreal Protocol have allowed developed countries to continue 
to produce and use certain CFCs, including chloromethane, but they are expected to phase out their 
dependence on these chemicals by 2030. 

In addition to CFCs, which are sources of chlorine atoms, sources of bromine atoms are ozone depleters. 
Bromomethane (methyl bromide) is an example, and it was scheduled to be phased out by 2005; however, 
developed countries have been granted permission to negotiate annual exemptions. In 2006 the global 
production of bromomethane was capped at 13,000 metric tons—a 20 percent reduction from the previous 
year. Less-developed countries are expected to phase out their use of bromomethane by 2015. Most of the 
atmospheric bromomethane arises from biological processes that occur in the oceans, but about one-
quarter results from the bromomethane used each year as a soil fumigant for agricultural purposes. 

Reactions:A useful property of alkyl halides is the ease with which they may be converted to other 
classes of compounds. The three most important reactions of alkyl halides are nucleophilic substitution, 
elimination, and conversion to organomagnesium compounds. 

The war gases phosgene (ClCOCl) and mustard (ClCH 2 CH 2 SCH 2 CH 2 Cl) are very reactive and highly toxic, 
whereas most other organohalogen compounds are relatively inert . Nevertheless, organohalogens undergo many 
chemical transformations. One common reaction is elimination, induced by the action of a strong base. 

APPLICATIONS:Organohalogens are widely used in industry and society. Chloromethane is used as a solvent in rubber 
polymerization. Bromomethane is an important fumigant; the related halons (CBrClF 2 and CBrF 3 ) are better fire extinguishants 
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than carbon dioxide.Eighty-five percent of all pharmaceutical agents and vitamins involve chlorine chemistry; many drugs 
require chlorine, fluorine, or bromine to be effective. Ceclor and Lorabid are used to treat ear infections, Toremifene is a breast-
cancer drug, and the natural antibiotic vancomycin is used to fight penicillin-resistant infections. Benzyl chloride is used to 
synthesize the drugs phenobarbital, benzedrine, and demerol. Inhalation anesthetics include the organofluorines desflurane, 
sevoflurane, and enflurane (CHClFCF 2 OCHF 2 ). Perfluorocarbons, such as perfluorotributylamine ([CF 3 CF 2 CF 2 CF 2 ] 3 N), are 
used as blood substitutes or blood extenders ("artificial blood") and are used for coronary angioplasty. The insecticide DDD 
(mitotane), related to DDT, is used to treat inoperable adrenal cancer.  
Vinyl chloride (CH 2 =CHCl), a carcinogenic gas, is polymerized to polyvinyl chloride (PVC), a plastic of great versatility and 
safety. PVC is an invaluable component of building materials, consumer goods, medical equipment, and many other everyday 
products. More than 2.2 billion kilograms (5 billion pounds) of PVC are used annually for wire, cable, and other electrical 
applications. The chlorine in PVC makes this plastic flame retardant and ideal for construction and furnishing applications. 
Polytetrafluoroethylene (Teflon) is the polymer of tetrafluoroethylene (CF 2 =CF 2 ). Because of its chemical stability (very strong 
carbon-fluorine bonds), it has many diverse applications in our society; best known perhaps are the coatings used to make 
"nonstick" cookware. Trichloroethylene (CHCl=CCl 2 ) and tetrachloroethylene (CCl 2 =CCl 2 , "Perc") are widely used solvents in 
the dry cleaning industry. 
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What is pesticides and

What is the Difference

Herbicides? Pesticides

bacteria, insects, plant

... Insecticides are a type

and kill insects.

The most commonly

pyrethroids and carbamates

that insecticides accounted

surveyed crops.

Pesticides are used to

as mosquitoes, ticks,

to control weeds, insect

different types of pesticides

specific pests, conserve

Antimicrobial pesticides

microorganisms such as

on inanimate objects only

powders, wipes, and gases
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and insecticides?

Difference Between Pesticides,

Pesticides are chemicals that may be used

plant diseases, snails, slugs, or weeds

type of pesticide that is used to

commonly used insecticides are the organophosphates,

carbamates (see Figure 1). The USDA

accounted for 12% of total pesticides

to control various pests and disease

ticks, rats and mice. Pesticides are used

insect infestation and diseases.

pesticides; each is meant to be

conserve the environment

pesticides are used to destroy or stop

as bacteria, viruses, and fungi. They are

only and can be found as sprays,

gases

Insecticides and

used to kill fungus,

weeds among others.

to specifically target

organophosphates,

USDA (2001) reported

pesticides applied to the

disease carriers, such

used in agriculture

. There are many

be effective against

stop the growth of

are designed to be used

liquids, concentrated
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Uses of Chloroform:

Chloroform act as a detection agent of primary amines during

isocyanide test, also known as Carbylamine test. In the test,

chloroform is heated with the mixture of amines with alcoholic NaOH.

The reaction results in the formation of a foul-smelling isocyanide gas.

It helps in the detection of aliphatic and aromatic primary amines.

CCL4:Evidence proves that carbon tetrachloride can cause liver cancer

in humans. The common symptoms of CCl4 exposure are

lightheadedness, nausea, dizziness, and vomiting that can lead to

permanent damage to the nerve cells. It can also lead rapidly to coma,

unconsciousness and sometimes death in severe cases. Overexposure

to carbon tetrachloride can lead to irregular heart beating or sudden

stop. It can irritate the eyes on contact. The release of CCl4 into the air

can result in ozone depletion.

Ozone depletion is one of the major environmental concerns today.

Depletion of the ozone layer can lead to exposure of the UV rays which

may further cause many problems such as eye diseases, different

disorders, skin cancer, and disturbance of the immune system.

 

 



155 

 

 

 



156 

 

 

 



157 

�1,1,2,2-Tetrachloroethane is a chlorinated derivative of ethane. It has

the highest solvent power of any chlorinated hydrocarbon.[1] As

a refrigerant, it is used under the name R-130.

� It was once widely used as a solvent and as an Intermediate in the

industrial production of trichloroethylene, tetrachloroethylene, and 1,2-

dichloroethylene.[4] However, 1,1,2,2-tetrachloroethane is no longer

used much in the United States due to concerns about its toxicity.

�Chronic inhalation exposure in humans results in jaundice and an

enlarged liver, headaches, tremors, dizziness, numbness,

and drowsiness. The U.S. Environmental Protection Agency has classified

it as a Group C possible human carcinogen.[

 

 

Polyhalogen Compounds

DDT is available in many forms including granules, powder, aerosols,

etc. In 1873, DDT was prepared as the first chlorine-based organic

insecticides.

Everyone is aware of DDT- a very common pesticide. Did you know

DDT was sold as a wonder-chemical post World War II? It is because

DDT was a very simple solution for all sorts of pest problems, be it

small or large. It was in widespread use as a pesticide. DDT is nothing

but one of the polyhalogen compounds. Polyhalogen compounds have

a wide variety of usage. Let’s learn more about them.

DDT was banned from using for agricultural purposes by the year

2001.
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� There are a number of other Freons. Some 

of those containing bromine in their molecules 

are used in fire extinguishers. 

�It is prepared by the reaction of carbon 

tetrachloride with hydrogen fluoride in the 

presence of a catalyst.

Nowadays, freons are more widely described

as substituted hydrocarbons, where a number

of, or all, hydrogen atoms are exchanged for

fluorine, chlorine or (more rarely) bromine.

Two examples from this large family are CHCl2F

(R-12) and Tetrafluoroethane (R-134a).

Freon (CFC’s)

� These compounds are stable, non-corrosive, and non-

toxic in nature.

�

Freon form from tetrachloromethane by a reaction

process known as “Swarts reaction.”

� Freons can act as aerosol propellants. It also helps in air

conditioning and refrigeration purposes.

�

� This initiates radical chain reactions that cause the

problem in the natural ozone balance of the atmosphere.

�Freon-12 (dichlorodifluoromethane, CF2Cl2) is 

commonly known as CFC.

� It is used as a refrigerant in refrigerators and air 

conditioners. 

� It is also used in aerosol spray propellants such as 

body sprays, hair sprays, etc. However, it damages 

the ozone layer.

�Freon is a colorless gas that is also known as R-22. 

Dupont trademarked the name Freon.

�CFCs have been used in refrigeration and aerosol 

cans for many years, but in 1974, a researcher at the 

University of California hypothesized that CFCs were 

destroying the ozone layer.
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Allyl iodide (3-iodopropene) is an organic halide used in synthesis of

other organic compounds such as N-alkyl 2-pyrrolidones,sorbic

acid esters,[1] 5,5-disubstituted barbituric acids, and organometallic

catalysts.[3] Allyl iodide can be synthesized from allyl alcohol and methyl

iodide on triphenyl phosphite, Finkelstein reaction on allyl halides,[5] or

by the action of elemental phosphorus and iodine on glycerol.Allyl

iodide dissolved in hexane can be stored for up to three months in a

dark freezer at −5 °C (23 °F) before decomposition into free iodine

becomes apparent.

� Allyl chloride is the organic compound with 

the formula CH2=CHCH2Cl. 

� This colorless liquid is insoluble in water but soluble in common 

organic solvents.

� It is mainly converted to epichlorohydrin, used in the production of 

plastics. 

� It is a chlorinated derivative of propylene.

� It is an alkylating agent, which makes it both useful and hazardous 

to handle

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 



 

UNIT – 2 CARBONYL COMPOUNDS:

What are carbonyl compounds give examples?
 
They exhibit both positive and 
said to be polar molecules. These compounds are reported to be insoluble in water 
but sometimes they dissolve other forms of
be as chemically reactive compounds.
Examples of inorganic carbonyl compounds are
sulfide. A special group of carbonyl compounds are 1,3
that have acidic protons in the central methylene unit. Examples are Meldrum's 
acid, diethyl malonate and acetylacetone.

� A carbonyl group is a chemically organic functional
carbon atom double-bonded to an oxygen atom 

� The simplest carbonyl groups

another carbon compound. 
� A carbonyl group is a chemically organic functional

carbon atom double
simplest carbonyl groups

another carbon compound.

Properties of Carbonyl Compounds

 
They exhibit both positive and negative
said to be polar molecules. These compounds are reported to be insoluble in water 
but sometimes they dissolve other forms of
be as chemically reactive compounds.
following types of compounds:

Compound Aldehyde 

Structure 
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2 CARBONYL COMPOUNDS: 

What are carbonyl compounds give examples? 

They exhibit both positive and negative charge in slight form. Hence, these are 
. These compounds are reported to be insoluble in water 

but sometimes they dissolve other forms of polar molecules. These are known to 
be as chemically reactive compounds. 

of inorganic carbonyl compounds are carbon dioxide

sulfide. A special group of carbonyl compounds are 1,3-dicarbonyl compounds 
that have acidic protons in the central methylene unit. Examples are Meldrum's 

acetylacetone. 
is a chemically organic functional group composed of a 
bonded to an oxygen atom --> [C=O] . 

carbonyl groups are aldehydes and ketones usually attached to 
another carbon compound.  

is a chemically organic functional group composed of a 
carbon atom double-bonded to an oxygen atom --> [C=O] The 

carbonyl groups are aldehydes and ketones usually attached to 
another carbon compound. 

Properties of Carbonyl Compounds

hibit both positive and negative charge in slight form. Hence, these are 
. These compounds are reported to be insoluble in water 

but sometimes they dissolve other forms of polar molecules. These are known to 
reactive compounds. A carbonyl group characterizes the 

following types of compounds: 

Ketone 

Carboxylic 

acid 

Carboxylate 

ester 

 

 

 

 

in slight form. Hence, these are 
. These compounds are reported to be insoluble in water 

. These are known to 

carbon dioxide and carbonyl 
dicarbonyl compounds 

that have acidic protons in the central methylene unit. Examples are Meldrum's 

composed of a 

are aldehydes and ketones usually attached to 

composed of a 
> [C=O] The 

are aldehydes and ketones usually attached to 

Properties of Carbonyl Compounds: 

in slight form. Hence, these are 
. These compounds are reported to be insoluble in water 

. These are known to 
A carbonyl group characterizes the 

Amide  

 



General 

formula 
RCHO 

Compound Enone 

Structure 

 

General 

formula 
RC(O)C(R')CR''R'''

Note that the most specific labels are usually employed. For example, 
R(CO)O(CO)R' structures are known as acid 
generic ester, even though the ester motif is present.

 
Carbon dioxide 

Other organic carbonyls are
chlorides chloroformates and
esters, thioesters, lactones, lactams
inorganic carbonyl compounds are

• A special group of carbonyl compounds are

compounds that have acidic protons in the central methylene unit. 

Examples are Meldrum's acid

Structure of Carbonyl Group

Carbonyl carbon is joined 

utilize sp2 orbitals, they lie in a plane, and are 120° apart. The remaining p

orbitals of carbon overlaps a p

and oxygen are thus joined by a double bond. The 

immediately surrounding carbonyl carbon lie in a plane.
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RCOR' RCOOH RCOOR' 

Acyl 
halide 

Acid 
anhydride 

Imide

 

 

 

RC(O)C(R')CR''R''' RCOX (RCO)2O RC(O)N(R')C(O)R''

Note that the most specific labels are usually employed. For example, 
R(CO)O(CO)R' structures are known as acid anhydride rather than the more 
generic ester, even though the ester motif is present. 

Other organic carbonyls are urea and the carbamates, the derivatives of
and phosgene, carbonate 

lactams, hydroxamates, and isocyanates. Examples of 
inorganic carbonyl compounds are carbon dioxide and carbonyl sulfide

A special group of carbonyl compounds are 1,3

that have acidic protons in the central methylene unit. 

Meldrum's acid, diethyl malonate and acetylacetone

Structure of Carbonyl Group 

Carbonyl carbon is joined to three other atoms by s bonds; since these bonds 

orbitals, they lie in a plane, and are 120° apart. The remaining p

orbitals of carbon overlaps a p-orbital of oxygen to form a p bond; carbon 

and oxygen are thus joined by a double bond. The part of the molecule 

immediately surrounding carbonyl carbon lie in a plane. 

RCONR'R'' 

Imide 

 

RC(O)N(R')C(O)R'' 

Note that the most specific labels are usually employed. For example, 
anhydride rather than the more 

, the derivatives of acyl 

. Examples of 
carbonyl sulfide. 

1,3-dicarbonyl 

that have acidic protons in the central methylene unit. 

acetylacetone. 

to three other atoms by s bonds; since these bonds 

orbitals, they lie in a plane, and are 120° apart. The remaining p-

orbital of oxygen to form a p bond; carbon 

part of the molecule 



The electrons of a carbonyl double bond hold together atoms of quite 

different electronegativity and hence the electrons are not equally shared; in 

particular the polar p-

electronegative atom, oxygen.

The carbonyl group, C = O, governs the chemistry of aldehydes and ketones. 

It does this in two ways: 

a) By providing a site for nucleophilic addition, and

      

b)By increasing the acidity of hydrogen atoms attached to the alpha carbon.
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The electrons of a carbonyl double bond hold together atoms of quite 

different electronegativity and hence the electrons are not equally shared; in 

-cloud is pulled strongly towards the more 

electronegative atom, oxygen. 

The carbonyl group, C = O, governs the chemistry of aldehydes and ketones. 

a) By providing a site for nucleophilic addition, and 

  

ty of hydrogen atoms attached to the alpha carbon.

 

The electrons of a carbonyl double bond hold together atoms of quite 

different electronegativity and hence the electrons are not equally shared; in 

is pulled strongly towards the more 

The carbonyl group, C = O, governs the chemistry of aldehydes and ketones. 

ty of hydrogen atoms attached to the alpha carbon. 
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Nucleophilic substitution, which can be represented by the following general equation, permits 
the halogen to be replaced by oxygen, sulfur, nitrogen, or another carbon.  

BHC is prepared by chlorination of benzene in presence of sunlight.  

The mixture of stereoisomeric hexachlorides is an active component in BHC is γ isomer, called 
gammaxene or lindane. ...  
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Uses. BHC is an important agricultural pesticide mainly used for exterminating white ants, leaf 
hopper, termite etc.  

Lindane, also known as gamma-hexachlorocyclohexane (γ-HCH), gammaxene, Gammallin 

and sometimes incorrectly called benzene hexachloride (BHC), is an organochlorine 

chemical and an isomer of hexachlorocyclohexane that has been used both as an 

agricultural insecticide and as a pharmaceutical treatment for lice and scabies BHC.It is 

prepared by chlorination of benzene in presence of sunlight. 

IUPAC name of BHC is 1,2,3,4,5,6 Hexachlorocyclohexane(Benzene hexachloride) 

Benzene hexachloride is a cyclohexane derivative and nine stereoisomers are possible. 

However, only five of them have been actually isolated from the mixture. They are called α, 

β, γ, ∆, ε forms. The mixture of stereoisomeric hexachlorides is an active component in 

BHC is γ isomer, called gammaxene or lindane. 

Uses.  

BHC is an important agricultural pesticide mainly used for exterminating white ants, leaf 

hopper, termite etc.  

The polymerization of aldehydes has played a considerable role in the progress of chain 

reaction polymerization and has significantly contributed to our knowledge of polymer 

science. Polyformaldehyde, as homopolymer and copolymer, plays an important role as a 

significant niche product in engineering plastics use. Higher aldehyde polymerization 

demonstrates the importance of stereospecificity and the ceiling temperature of 

polymerization. A discussion of haloacetaldehyde polymers is reserved for an upcoming 

CARBONYL POLYMERIZATION 

The behavior of carbonyl compounds3 toward protic solvents such as water and methanol 

allows them to be placed into three categories:1Acetal oligomers: formaldehyde, glyoxal, 

and methyl glyoxalate. 

2Hydrates or hemiacetals: haloaldehydes (e.g., fluoral, chloral, and bromal). 

3Unaffected compounds: acetaldehyde, higher aliphatic aldehydes, and ketones (the degree 

of hydration is minimal 
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Polyacetaldehyde rection

Nucleophilic Addition to α, β- Unsaturated Carbonyl Compounds 

One of the largest and most diverse classes of reactions is composed of nucleophilic additions to 
a carbonyl group. Conjugation of a double bond to a carbonyl group transmits the electrophilic 
character of the carbonyl carbon to the beta-carbon of the double bond. These conjugated 
carbonyl are called enones or α, β unsaturated carbonyls. A resonance description of this 
transmission is shown below 

 

1,2-unsaturated carbonyl compounds
Preparation reaction
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The Cannizzaro reaction, named after its discoverer
reaction that involves the base
enolizable aldehyde to give a primary alcohol

Cannizzaro first accomplished this transformation in 1853, when he obtained
alcohol and potassium benzoate
carbonate). More typically, the reaction would be conducted with
hydroxide or potassium hydroxide
carboxylic-acid product: 

2 C6H5CHO + KOH → C

The process is a redox
molecule to the other: one aldehyde is oxidized to form the acid, the
form the alcohol. 

Claisen condensation 

It is a carbon–carbon bond forming
another carbonyl compound in the pres
diketone.[1] It is named after Rainer Ludwig Claisen
in 1887.[2][3][4] 

Claisen-Schmidt condensation reaction

It is an organic reaction in which a ketone or an 
aromatic carbonyl compound which does not have any 
leading to an -unsaturated ketone (C), which subsequently undergoes epoxidation to form an 
epoxide (D). The treatment with ac

Knoevenagel condensation: 

It is an organic reaction named after
condensation. 

A Knoevenagel condensation is a
compound to a carbonyl group followed by a
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, named after its discoverer Stanislao Cannizzaro
base-induced disproportionation of two molecules of a non
primary alcohol and a carboxylic acid.[1][2] 

zaro first accomplished this transformation in 1853, when he obtained
potassium benzoate from the treatment of benzaldehyde with potash

carbonate). More typically, the reaction would be conducted with
potassium hydroxide, giving the sodium or potassium carboxylate

→ C6H5CH2OH + C6H5COOK 

redox reaction involving transfer of a hydride from one substrate 
molecule to the other: one aldehyde is oxidized to form the acid, the other is reduced to 

forming reaction that occurs between two esters or one ester and 
compound in the presence of a strong base, resulting in a β-keto ester or a 

Rainer Ludwig Claisen, who first published his work on the reaction 

Schmidt condensation reaction 

in which a ketone or an aldehyde holding an α-hydrogen reacts with an 
aromatic carbonyl compound which does not have any α-hydrogensaldehyde and a ketone, 

unsaturated ketone (C), which subsequently undergoes epoxidation to form an 
epoxide (D). The treatment with acid leads to a rearrangement product, a 1,2-diketone (P).

named after Emil Knoevenagel. It is a modification of the

A Knoevenagel condensation is a nucleophilic addition of an active hydrogen 
group followed by a dehydration reaction

Cannizzaro, is a chemical 
of two molecules of a non-

 

zaro first accomplished this transformation in 1853, when he obtained benzyl 
potash (potassium 

carbonate). More typically, the reaction would be conducted with sodium 
carboxylate salt of the 

from one substrate 
other is reduced to 

or one ester and 
keto ester or a β-

, who first published his work on the reaction 

 

hydrogen reacts with an 
hydrogensaldehyde and a ketone, 

unsaturated ketone (C), which subsequently undergoes epoxidation to form an 
diketone (P). 

. It is a modification of the aldol 

active hydrogen 
reaction in which a 



molecule of water is eliminated (hence
ketone (a conjugated enone). 

In this reaction the carbonyl group is an
weakly basic amine. The active hydrogen component 

• Z–CH2-Z or Z–CHR–Z for instance
acetoacetate or malonic acid, or

• Z–CHR1R2 for instance nitromethane

 

The Knoevenagel condensation

reaction named after Emil Knoevenagel

A Knoevenagel condensation is a
a carbonyl group followed by a dehydration reaction
(hence condensation). The product is often an 

In this reaction the carbonyl group is an
weakly basic amine. The active hydrogen component has the form

• Z–CH2-Z or Z–CHR–Z for instance
acetoacetate or malonic acid, or

• Z–CHR1R2 for instance nitromethane

The Michael Addition reaction

Acetonyl

 

172 

molecule of water is eliminated (hence condensation). The product is often an α

In this reaction the carbonyl group is an aldehyde or a ketone. The catalyst
. The active hydrogen component has the form[3] 

Z for instance diethyl malonate, Meldrum's acid
, or cyanoacetic acid.[4] 

nitromethane. 

Knoevenagel condensation (pronounced [ϕknøː vənaː ϕlϕ]) reaction is an
noevenagel. It is a modification of the aldol condensation

A Knoevenagel condensation is a nucleophilic addition of an active hydrogen compound
dehydration reaction in which a molecule of water is

). The product is often an α,β-unsaturated ketone (a conjugated

In this reaction the carbonyl group is an aldehyde or a ketone. The catalyst
. The active hydrogen component has the form 

Z for instance diethyl malonate, Meldrum's acid
, or cyanoacetic acid. 

nitromethane. 

The Michael Addition reaction
[OR]

acetone Preparation Reaction

). The product is often an α,β-unsaturated 

 

catalyst is usually a 

Meldrum's acid, ethyl 

) reaction is an organic 
aldol condensation.[1][2] 

active hydrogen compound to 
in which a molecule of water is eliminated 

conjugated enone). 

 

catalyst is usually a 

Meldrum's acid, ethyl 

The Michael Addition reaction

acetone Preparation Reaction
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Grignard Reagents to α, β unsaturated 

carbonyls groups

 

Nucleophiles which add 1,4 to α, β unsaturated carbonyls
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3.1-Carboxylic Acid. 
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Physical  properties: MP:122
0
C, soluble in hot water, ether, ethanol and benzene.  

Stream volatile. Slightly stronger than acetic acid (Ka = 6.3×10
-5,

 1.75×10
-5

). 

Chemical Properties  

   The reaction of aromatic acids are due to reaction of carboxylic and phenyl group present in the 

molecule.  COO,
- ,   

Ph . 

Conversion of a hydrocarbon into carboxylic acid:  

1.Using hydrocarbon  havingsame number of carbon atom.: 

Alkane treated with Halogen in the presence of UV light or at elevated temperature to gives akyl halide, 

which reacted with aqueous potassium hydroxide to form alchohol. Alcohol oxidized with B.aceti to give 

aldehyde andcarboxylic acid. 



Comparison of acidity
 
of aliphatic and aromatic carboxylic acids

Effect of substituents and their position on the acidity of carboxylic acid 

Ortho Effect  
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of aliphatic and aromatic carboxylic acids 

Effect of substituents and their position on the acidity of carboxylic acid  
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3.3. CARBOXYLIC ACID DERIVATIVES  
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UNIT-IV. Organic Nitrogen Compounds  

Nitro Methane: 
Any organic compound having- NO2 molecule in their molecular structure is called organic nitro 

compoud. In alkane there are two isomers is shown. One is Nitro alkane –R-N=O and another one is 

alkynitrate R-O-N=O as a molecular structure 
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4.2 Amines 
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Unit V  Colourants 
 
5.1 Definition of dyes 
A dye is a colored substance that chemically bonds to the substrate to which it is being applied. 
... Both dyes and pigments are colored, because they absorb only some wavelengths of visible 
light. Dyes are usually soluble in water whereas pigments are insoluble. 
 
pigments A substance that imparts black or white or a color to other materials especially : a 
powdered substance that is mixed with a liquid in which it is relatively insoluble and used 
especially to impart color to coating materials (such as paints) or to inks, plastics, and rubber. 
chromophoresChromophore is an unsaturated group that absorbs light and reflects it at specific 
angle to give the hue, e.g., azo, keto, nitro, nitroso, thio, ethylene etc; 
AUXOCHROMES: It is a group which itself does not act as a chromophore but when attached 
to a chromophore, it shifts the adsorption towards longer wavelength along with an increase in 
the intensity of absorption. Some commonly known auxochromic groups are: -OH, -NH2, -OR, -
NHR, and –NR2. 
 
 
Classification of dyes based on chromophores 

By the nature of their chromophore, dyes are divided into: 
Acridine dyes, derivates of acridine 
Anthraquinone dyes, derivates of anthraquinone 
Arylmethane dyes 
Diarylmethane dyes, based on diphenyl methane 
Triarylmethane dyes, derivates of triphenylmethane 
Azo dyes, based on -N=N- azo structure 
Phthalocyanine dyes, derivatives of phthalocyanine 
Quinone-imine dyes, derivatives of quinone 
Azin dyes 
Eurhodin dyes 
Safranin dyes, derivates of safranin 
Indophenol dyes, derivates of indophenol 
Oxazin dyes, derivates of oxazin 
Oxazone dyes, derivates of oxazone 
Thiazine dyes 
Thiazole dyes 
Xanthene dyes 
Fluorene dyes, derivatives of fluorene 
 
.Classification of dyes based on application: 
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Direct Dyes. These water-soluble anionic dyes, when dyed from aqueous solution in the 
presence of electrolytes, are substantive to, i.e., have high affinity for, cellulosic fibers. Their 
principal use is the dyeing of cotton and regenerated cellulose, paper, leather, and, to a lesser 
extent, nylon. Most of the dyes in this class are polyazo compounds, along with some stilbenes, 
phthalocyanines, and oxazines. Aftertreatments, frequently applied to the dyed material to 
improve washfastness properties, include chelation with salts of metals (usually copper or 
chromium), and treatment with formaldehyde or a cationic dye-complexing resin.  
Vat Dyes. These water-insoluble dyes are applied mainly to cellulosic fibers as soluble leuco 
salts after reduction in an alkaline bath, usually with sodium hydrogensulfite. Following 
exhaustion onto the fiber, the leuco forms are reoxidized to the insoluble keto forms and 
aftertreated, usually by soaping, to redevelop the crystal structure. The principal chemical classes 
of vat dyes are anthraquinone and indigoid.  
Sulfur Dyes. These dyes are applied to cotton from an alkaline reducing bath with sodium sulfide 
as the reducing agent. Numerically this is a relatively small group of dyes. The low cost and 
good washfastness properties of the dyeings make this class important from an economic 
standpoint (see Section 3.6). H owever, they are under pressure from an environmental 
viewpoint.  
Cationic (Basic) Dyes. These water-soluble cationic dyes are applied to paper, polyacrylonitrile 
(e.g. Dralon), modified nylons, and modified polyesters. Their original use was for silk, wool, 
and tannin-mordanted cotton when brightness of shade was more important than fastness to light 
and washing.  
Basic dyes are water-soluble and yield coloredcations in solution. For this reason they are 
frequently referred to as cationic dyes. The principal chemical classes are diazahemicyanine, 
triarylmethane, cyanine, hemicyanine, thiazine, oxazine, and acridine. Some basic dyes show 
biological activity and are used in medicine as antiseptics.  
Acid Dyes. These water-soluble anionic dyes are applied to nylon, wool, silk, and modified 
acrylics. They are also used to some extent for paper, leather, ink-jet printing, food, and 
cosmetics.  
Solvent Dyes. These water-insoluble but solvent-soluble dyes are devoid of polar solubilizing 
groups such as sulfonic acid, carboxylic acid, or quaternary ammonium. They are used for 
coloring plastics, gasoline, oils, and waxes. The dyes are predominantly azo and anthraquinone, 
but phthalocyanine and triarylmethane dyes are also used. 
 
Chromophores – auxochrome theory 

O.N. Witt observed in 1876 that coloured compounds contain certain unsaturated groups which 
he called chromophores and compound containing a chromophore is called a chromogen. 
When certain groups called auxochrome are present in the chromogen a dye is 
obtained. Auxochrome may be either acidic or basic like -OH or -NH2. 
Modern theory of colour and constitution 
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In 1876 Witt’s moderate this view. He found that organic dye is associated with some atoms. 
And therefore that atoms he named as chromohores. Also he found the the only groups of 
chromophore are colorfull but they do not behave as like dyes for the natural fibers unless 
substituted with some acidic groups such as -NH2,  -NH(CH3), etc. He named them as 
auxochromes.This modern theory of color constitution is called the Witt’s theory. 
 
Common dye Mordants:Mordants include tannic acid, alum, urine, chrome alum, sodium 
chloride, and certain salts of aluminum, chromium, copper, iron, iodine, potassium, sodium, and 
tin. Iodine is often referred to as a mordant in Gram stains, but is in fact a trapping agent. 
 
 Leuco basesa colorless or weakly colored amine that is formed by reduction of a dye (as a 
triphenylmethane dye) or its carbinol derivative and that on oxidation and treatment with acids 
usually gives back the dye. 
Colour index of dyes and its significances:Each Dye gets identified by a unique five digit 
number, which is called CI or colour Index number. Apart from the number the each dye is 
given a Generic name or CI name, the name is based on the base action, dyes mode of behavior 
and the action. The CI name thus gives a specific way in which dyes can be identified. 
Toxicity of dyes and pigments:The presence of very small amounts of dyes in the water, 
seriously affects the quality and transparency of water bodies such as lakes, rivers and others, 
damages the aquatic environment. ... Azo dyes have toxic effects, especially carcinogenic and 
mutagenic. 
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COURSE CODE: 7BCH5C2 

 

CORE COURSE - X - PHYSICAL CHEMISTRY – III 

 
Unit I   Spectroscopy 

1.1. Fundamentals of spectroscopy: Definition, fundamentals of light such as 
wavelength, velocity, frequency, photons and definite energy of a photon. Electromagnetic 
spectrum. Fundamentals of materials such as equipartion principle and different types of 
movements of particles in a material and quantization of electronic, rotational, vibrational and 
spin energies. Selection rule. Beer – Lambertz law. Different types of spectroscopy and their 
applications.   

1.2.Rotational or microwave spectroscopy: rigid rotator, derivation of equation for 
rotational constant for a diatomic molecule. Calculation of bond length and hence dipole moment 
and percentage of ionic character of a bond. 

1.3. Vibrational spectroscopy: harmonic oscillator, zero – point energy, force constant, 
Hook’s law. Anharmonicity, overtones, combination bands and Fermi resonance. Different types 
of vibrations. Factors determining the absorption frequency of a functional group. Effect of 
hydrogen bonding. Vibrational frequencies of different functional groups.  

1.4. Magnetic Resonance Spectroscopy: Introduction to Nuclear magnetic resonance 
(nmr) and electron spin resonance spectroscopy (esr). NMR active elements and esr active 
species. Larmor precession and larmor frequency.  Shielding and deshielding of protons, 
shielding constant , chemical shift and factors determine chemical shift. Spin – spin coupling and 
spin coupling constants. Chemically and magnetically equivalent nuclei. Introduction to esr and 
hyperfine structure.  
 
Unit II  Phase rule: 

2.1. Fundamentals: Definition of phase, component and degrees of freedom. Derivation 
of phase rule.  Phase diagram of one component systems such as water, sulphur and carbon 
dioxide. 

2.2. Two component systems: Reduced phase rule. Classification of two component 
systems. Phase diagram of simple eutectic systems such as lead – silver, potassium iodide – 
water system. Phase diagram of two component systems that forms compounds with congruent 
melting point and incongruent melting points like ferric chloride – water and copper sulphate – 
water systems respectively.  

2.3. Solutions of non – electrolytes: Solution of liquids in liquids. Ideal and non-ideal 
solutions, Raoult’s law. Azeotropic mixtures. Steam distillation. Solubility of different types of 
partially miscible liquids, critical solution temperature (CST). 

2.4. Distribution law: Distribution law and its validity. Derivation of distribution law. 
Deviation from distribution law. Applications of distribution law. Solvent extraction.  
 
Unit III  Chemical Kinetics 

3.1. Rate of a reaction: Law of mass action. Rate and rate constant of a chemical 
reaction. Definitions and comparison of order and molecularity of a reaction. Rate equation for a 
zero – order reaction with examples.  
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3.2. Rate of a first order reaction: derivation of rate equation for a first order reaction. 
Examples for first order reactions. Pseudo first order reaction. Application of first order rate 
equation to acid catalysed ester hydrolysis and inversion of sucrose. 

3.3. Second order reactions: derivation of rate equation or a second order reaction 
involving a single reactant and reactions involving two reactants. Examples for second order 
reactions. Applications of second order rate equation to saponification of esters.  

3.4. Half – life of a reaction, relationship between initial concentration and half – life of 
reactions of different orders. 

3.5. Methods for determining the order of a reaction: by using differential and integral 
rate equations. Half – life method. Isolation method.  

3.6. Theories of reaction rate: collision theory. Effect of temperature on the rate of a 
reaction – Arrhenius equation. Activated complex formation theory (absolute reaction rate theory 
(ARRT). Lindemann theory of unimolecular reactions. 
 
UnitIV Photochemistry 

4.1. Fundamentals: photochemical reactions. Comparison of photochemical and thermal 
reactions. Consequences of light absorption -  Jablonsky diagram. Fluorescence and 
phosphorescence. Chemiluminescence.   

4.2. Laws of photochemistry: Beer – Lambert law and its limitations. Grotthus – Draper 
law of photochemical activation. Stark – Einstein law of photochemical equivalence. Quantum 
efficiency and reasons for variation of quantum yield. Experimental dtermination of quantum 
yield.  

4.3. Kinetics of photochemical reactions: derivation of kinetic equation or a 
photochemical reaction. Rate equations for photochemical reactions between hydrogen and 
chlorine and hydrogen and bromine.  

4.4. Lasers – population inversion, optical pumping, Q – switching  
 
Unit V   Group theory 

5.1. Fundamentals: definition of a group. Various symmetry elements and 
corresponding symmetry operations. Identification of possible symmetry elements in a molecule. 
Deduction of point group. Order of a group, sub – groups and classes.   

5.2. Group multiplication table. Construction group multiplication tables for C2V, C3V 
C2h and D2h with suitable examples. 

5.3. Matrix representation of symmetry operations. 
5.4. Applications of symmetry operations and group theory in chemistry.  
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Unit I 

Spectroscopy 
Spectroscopy 

Interaction of electromagnetic radiation with atoms or molecules or compound to obtain 
information about its chemical environment 
Fundamentals of light 

E = h γ 

γ  = c/λ 

E = h c/λ 

E α γ (directly proportional) 

E α 1/ λ(inversely proportional) 

γ  increases E increases 

higher frequency are high energy radiations 

Lower frequency are low energy radiations 

λ increases E decreases 

λ longer wavelength are low energy radiations 

λ shorter wavelength are high energy radiations 

C/λ = C γ   (1/λ = γ ) 

E = h γ 

E = h C/λ 

E = h C γ 

Wave number γ 

or 

c = γ λ 

Frequency, the number of waves that pass a fixed point in unit time 
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Wavelength can be defined as the distance between two successive crests or troughs of a wave 

 

Photons 

A photon is a small particle that comprises waves of electromagnetic radiation. Each 
photon has a finite energy depending on the frequency (γ) of radiation.  

Electromagnetic spectrum 

 

 
Equipartion principle  
The equipartition theorem states that energy is shared equally amongst all energetically 
accessible degrees of freedom of a system The energy is ½ KT. 
Beer- Lambert law 

The amount of energy absorbed by a solution is proportional to the 
solution's molar absorptivity and the concentration of solute. Mathematical statement of Beer's 
law is A = εcl, where: A = absorption; ε = molar attenuation coefficient,c = concentration of the 
solution l = path length. 
Selection rule 

It predicts the existence of transition between energy levels in various spectroscopies 
Different types of spectroscopy and their applications.   
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Rotational spectra used to calculate bond length 
Vibrational spectra is used to charactyerize functional groups 
Electronic spectra are used to characterize the conjucation in organic compound 
 
Rotational or microwave spectroscopy 

Rigid rotator 

Diatomic molecule to rotate as whole about the axis by its centre of gravity. The is pictured as 
rigid rotator 

Derivation of equation for rotational constant for a diatomic molecule 

          CG 

 

 

 M1       M2 

                                           r1                           r2 

 

                        r0 

Moment of Inertia 

I  = m1r1
2 + m2r2

2  

I =  m1m2
2 r0

2   +   m2m1
2 r0

2 

    (m1 + m2)
2          (m1 + m2)

2 

I =    m1m2      r0
2 

     (m1 + m2) 

I = µ r0
2 

µ  =m1m2 

           (m1 + m2) 

µ – reduced mass 

Rotational energy 
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Erot = ½ Iω2 ; ω – angular velocity 

Quantized rotational levels on solving Schrodinger equation the obtained rotational energy levels 
are 

EJ = h2/8ϕ2I J(J+1) joules where J =0,1,2 

J – rotational quantum number 

Frequency of the spectral line 

Transistion between two rotational states such that lower energy as J and higher enrgy as J’ 

νrot  = B (J’(J’+1) – J (J+1) cm-1 

B = h/8ϕ2IC 

Calculation of bond length, dipole moment and percentage of ionic character of a bond. 

 

Bond Length 

 Using the spacing between two lines (2B) the moment of inertia is calculated as 
 
2B/2 =B;  Rearranging B equation for I 
 
I = h/8ϕ2BC 
Subsituting I in I = µ r0

2 equation and substituting the value for reduced mass we get 

r0 the bond length is obtained 

Dipole Moment (D) 

D = q X  r0     q – charges of the two atoms in a molecule 

Percentage of ionic character of a bond. 

For a diatomic molecule , bond order is oneand hence molecular dipole moment (D) can be 
equated to bond moment. The percentage ionic character is calculated from Dobserved and  

D calculated for rotational studies.  

Dobserved is calculated from bond angle (180o) for linear diatomic molecule  

D calculated=q X  r0;    q – charges of the two atoms in a molecule 

% ionic character   = Dobserved/ D calculated X 100 

Theory of pure vibrational spectroscopy of Diatomic molecules 

A diatomic molecule may be pictured as a  
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i) Harmonic oscillator 
ii) Anharmonic oscillator 

Harmonic oscillator 

 
 The bond in a diatomic molecule is elastic and it can be stretched or compressed like a 
spring.  If the restoring force is directly proportional to the displacement of the atom from its 
original position (Hook’s law), then the oscillation is said to be harmonic. Now, the diatomic 
molecule is called a harmonic oscillator. 

i) Vibrational energy 
Using Schrodinger equation, it can be shown that the vibrational energy for a 
harmonic oscillator is given by 
Evib=(v+1/2)hw0 joules 
 
Where 
V= Vibrational quantum number having values 0,1,2,etc. 
W0=Vibrational frequency in Hz 

ii) Zero point energy 

Ev=(v+1/2) wv, cm-1 

When v=0 

E0=1/2 w0 cm-1 

The above equation implies that even at the lowest vibrational level, the diatomic molecule 
has vibrational energy equal to ½ W0. That is, the molecule can never have ero vibrational 
enery and the atoms can never be completely at rest. Even at absolute zero(-273C) when 
tratlational and rotational motions stop, the vibrational motion still persists. This lowest 
energy attainable by a vibrating molecule is known as zero point energy. 

Force Constant 

According to Hook’s law, the restoring force in a simple harmonic motion is directly 
proportional to the displacement of the system from its original position. The restoring force 
per unit displacement is called force constant. If vibrations of the diatomic molecule are 
assumed to be simple harmonic. The fundamental vibrational or oscillating frequency is 
related to the force constant by the expression. 

W0=1/2H sqrt(k/u )joules 

(or) 

wo=1/2hc sqrt(k/u) cm-1 
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Anharmonic oscillator 

Real molecules do not obey exactly the laws of simple harmonic motion. The harmonic 
oscillator predicts that the vibrational energy levels are equispaced. But experiments show 
that as v increases, the spacing goes o decreasing. Further, for a harmonic oscillator, each 
mode of vibration would yield one band only. But actual investigation of the IR spectrum of 
molecules show that there is one strong band(fundamental band) with one or two weak 
bands(overtones). Thus the vibrations of a diatomic molecule are anharmonic.  

Fundamental band: 

Traansitions from v=0 to v=1 give rise to intense bands called Fundamental bands. For 
example ,HCl spectrum consists of an intense band at 288.9 cm-1 

Overtone bands: 

Transitions from v=0 to v=2, v=3 and so forth give rise to additional weak bands called 
overtone bands. 

Combination bands: 

If there are two fundamental bands for a molecule at x and y, then some additional bands 
called combination bands occur atx+y,y+x,x+2y,2x+y etc. These bands are usually 10-100 
times less ntense as compared to the fundamental bands. 

Fermi Resonance 

When two vibrational modes in a molecule have frequencies very close to each other,they 
resonate and exchange energy. This is known as coupling. It may also happen that a 
fundamental vibration couples with the overtone of some other vibration. This type of 
coupling is called Fermi resonance.As a consequence of Fermi resonance, the overtone band 
gains intensity at the expense of the fundamental band. Thus the fundamental and overtone 
bands are of the same intensity. 

Hydrogen bonding 

Hydrogen bonding causes lengthening or weakening of the O-H bond. 

O---H---O---R 

|             | 

R            H 

Thus the hydrogen bonded O-H stretch appears at lower frequency tat free O-H stretch. 
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Free O-H  v=3650cm-1 ; H-bonded O-H    v=3350cm-1 

 

 

 

 

 

 

IR Absorption Frequencies of Functional Groups  

Functional Group Type of Vibration Characteristic Absorptions 

(cm
-1

) 

Alcohol   
O-H (stretch, H-bonded) 3200-3600 
O-H (stretch, free) 3500-3700 
C-O (stretch) 1050-1150 

   
Alkane  

C-H stretch 2850-3000 
-C-H bending 1350-1480 

Alkene  

=C-H stretch 3010-3100 
=C-H bending 675-1000 
C=C stretch 1620-1680 

Alkyl Halide  

C-F stretch 1000-1400 
C-Cl stretch 600-800 
C-Br stretch 500-600 
C-I stretch 500 

Alkyne  

C-H stretch 3300 
 stretch 2100-2260 

Amine  

N-H stretch 3300-3500 
C-N stretch 1080-1360 
N-H bending 1600 

Aromatic  

C-H stretch 3000-3100 
C=C stretch 1400-1600 
C=O stretch 1670-1820 
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Ether  

C-O stretch 1000-1300 (1070-1150) 
Nitrile  

CN stretch 2210-2260 
Nitro  

N-O stretch 1515-1560 & 1345-1385 
 

 

 

 

 

 

NMR active elements and ESR active species 

 Odd mass nuclei (i.e. those having an odd number of nucleons) have fractional spins.  Examples 
are I = 1/2 ( 1H, 13C, 19F ), I = 3/2 ( 11B ) & I = 5/2 ( 17O ). 
 Even mass nuclei composed of odd numbers of protons and neutrons have integral spins. 
Examples are I = 1 ( 2H, 14N ).Electron having magnetic moment and spin quantum number S 
=1/2 with magnetic ms =+/-1/2 In the presence of an external magnetic field, 

Larmor precession 

Classically the phenomenon of magnetic resonance can also be understood by invoking 
Larmor precession. A nucleus having a magnetic moment u behaves as a bar magnet which spins 
on its axis . In the presence of the magnetic field Bz, the interaction of u with Bx produces a 
torque. The torque causes u to precess about Bz. This phenomenon is called Larmor precession. 

Shielding 
The higher the electron density around the nucleus, the higher the opposing magnetic field 
to B0 from the electrons, the greater the shielding. Because the proton experiences lower external 
magnetic field, it needs a lower frequency to achieve resonance, and therefore, the chemical shift 
shifts upfield (lower ppms)  

Deshielding: 
If the electron density around a nucleus decreases, the opposing magnetic field becomes small 
and therefore, the nucleus feels more the external magnetic field B0, and therefore it is said to be 
deshielded. Because the proton experiences higher external magnetic field, it needs a higher 
frequency to achieve resonance, and therefore, the chemical shift shifts downfield (higher 

ppms) . 
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Chemical Shift 

No two magnets will have exactly the same field, resonance frequencies will vary 
accordingly and an alternative method for characterizing and specifying the location of nmr 
signals is needed. the separation (or dispersion) of nmr signals is magnetic field dependent, one 
additional step must be taken in order to provide an unambiguous location unit. This is illustrated 
for the acetone, methylene chloride and benzene signals by clicking on the previous diagram. To 
correct these frequency differences for their field dependence, we divide them by the 
spectrometer frequency (100 or 500 MHz in the example), as shown in a new display by again 
clicking on the diagram. The resulting number would be very small, since we are dividing Hz by 
MHz, so it is multiplied by a million, as shown by the formula in the blue shaded box. Note that 
νref is the resonant frequency of the reference signal and νsamp is the frequency of the sample 
signal. This operation gives a locator number called the Chemical Shift. 

Spin – spin coupling and spin coupling constants 

common feature in the spectra of compounds having different sets of hydrogen atoms bonded to 
adjacent carbon atoms. The splitting patterns found in various spectra are easily recognized, 
provided the chemical shifts of the different sets of hydrogen that generate the signals differ by 
two or more ppm. The patterns are symmetrically distributed on both sides of the proton 
chemical shift, and the central lines are always stronger than the outer lines. The most commonly 
observed patterns have been given descriptive names, such as doublet (two equal intensity 
signals), triplet (three signals with an intensity ratio of 1:2:1) and quartet (a set of four signals 
with intensities of 1:3:3:1). 

Chemical shift –Equivalent and Magnetically Equivalent Nuclei 

If nuclei have exactly the same chemical shit, they are called chemical shift-equivalent nuclei 
and are designated by the same letter. Chemical shift equivalent nuclei can be interchanged by 
one of the symmetry operations of a molecule. Thus all the protons in benzene are chemical 
shift-equivalent since they can be interchanged by the six-fold symmetry axis of benzene. If 
nuclei are coupled in exactly the same way to every other nucleus in the molecule, they are 
called magnetically equivalent nuclei. 
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The hyperfine splitting is a special feature of ESR caused by the interaction of electron spins 
with the magnetic nuclei in the sample. The magnetic field separation between two neighboring 
peaks in the splitting due to the same nucleus is hyperfine splitting called the constant of that 
magnetic nucleus. 
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UNIT II 

Phase Rule 

Homogeneous System:  

• A system consisting of only one phase is said to be homogeneous. 

Heterogeneous System:  

• A system consisting of more than one phase is said to be heterogeneous. 
• For heterogeneous reversible reactions, the phase rule given by Williard Gibbs is used. 

Statement Phase rule: 

Phase rulestates that “If the equilibrium between any number of phases is not influenced by 
gravity, or electrical, or magnetic forces, or by surface action but are influenced only by 
temperature, pressure and concentration, then the number of degrees of freedom (F) of the 
system is related to the number of components (C ) and number of phases (P) by the following 
equation 

The Phase rule equation is F = C – P + 2 

F = Degrees of freedom, C = component, P = Phase  

I) Phase: 

• A phase is defined as any homogeneous and physically distinct part of a system bounded 
by a surface and is mechanically separable from other parts of the system.  

• A phase may be gaseous, liquid or solid. 
• It is perfectly homogeneous and distinct from every other phase that is present in the 

system. 
• There must be a definite boundary between any two phases. This boundary is known as 

the interface. 

Examples: 

I. Gaseous phase 

1. Air constitutes a single phase only as it contains a mixture of nitrogen, oxygen, carbon 
dioxide, water vapour etc. 

II. Liquid Phase 

2. A mixture of two miscible liquids, they will form one liquid phase. 
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 Example: Alcohol – H2O 

III. Solid Phase:  

3. Decomposition of CaCO3  

CaCO3(s)   CaO(s) + CO2 (g)  

 It is three phases, 2 solid and gaseous CO2.  

II) Component (C) 

Component is defined as “the smallest number of independently variable constituents, by 

means of which the composition of each phase can be expressed in the form of a chemical 

equation”.  

Example:  

i) In the water system, 

 Ice (s) Water (l) Water vapour (g) 

The chemical component of all the three phases is H2O andtherefore it is one component system. 

III) Degree of freedom 

Degree of freedom is defined as the minimum number of independent variable factors 
such as temperature, pressure and concentration of the phases, which must be fixed in order to 
define the condition of a system completely. 

A system having 1, 2,3 or 0 degrees of freedom is called univariant, bivariant, trivariant and 
nonvariant respectively. 

Example : 

i) Consider the water system, 

Ice (s) Water (l) Water vapour (g) 

The three phases can be in equilibrium only at particular temperature and pressure. 

The system is therefore zero variant or invariant or has no degree of freedom. 

 ii)Consider a system consisting of water in contact with itsvapour, 

Water (l) Water vapour (g) 

To define this system completely, we must state either the temperature or pressure. 



 Thus degree of freedom is one and the system is univariant.

Phase diagram 
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Thus degree of freedom is one and the system is univariant. 
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Phase diagram is a graph obtained by plotting one degree of freedom against another.  

If the phase diagram is plotted between temperature against pressure, the diagram is called P-T 
diagram. P-T diagram is used for one component system.  

If the phase diagram is drawn between temperature against composition, the diagram is called T-
C diagram. T-C diagram is used for two component system. 

Phase diagram of one component system-  (water system) 

The water system is a one component system  

Ice Water Vapour 

(Solid) (liquid) (gas) 

Since water exists in three possible phases such as solid, liquidand vapour, there are three forms 
of equilibria: 

i.e., Liquid Vapour 

Solid Vapour 

Solid Liquid 

Each equilibrium involves two phases. The nature of these phases which exist in equilibrium at 
any time depends on the conditions of temperature and pressure. These conditions have been 
determined and summarized in the pressure-temperature diagram in which pressure is treated as 
independent variable and is plotted along y – axis whereas temperature is plotted along x axis. 
The phase diagram for the water system is shown in Fig  

 

The phase diagram consists of  

1. Curves: There are three curves OA, OB and OC.  
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2.Areas: Three curves OA , OB and OC divide the diagram into three areas AOB, AOC and 
BOC.  

3. Triple point: The above three curves meet at the point O and is known as triple point.  

4. Metastable equilibrium: The curve OA’ represents the metastable equilibrium.  

1) Curve OA: The curve OA is called vapourisation curve water; it represents the equilibrium 
between water and water vapour. At any point on the curve the following equilibrium will exist. 

                           Water Watervapour 

The degree of freedom of the system is one, i.e, univariant. Thus applying phase rule equation,  

                     F = C – P + 2 = 1 – 2 + 2; F = 1  

This equilibrium (i.e, line OA) will extend upto the critical temperature. Beyond the critical 
temperature the equilibrium will disappear only water vapour will exist. 

2) Curve OB: The curve OB is called sublimation curve of ice, it represents the equilibrium 
between ice and vapour. At any point on the curve the following equilibrium will exist. 

                           Ice Vapour 

The degree of freedom of the system is one, i.e., univariant.  

This is predicted by the phase rule.  

                      F = C – P + 2; F = 1 – 2 + 2; F = 1  

This equilibrium line will extend upto the absolute zero. Where no vapour can be present and 
only ice will exist. 

3) Curve OC: The curve OC is called melting point curve of ice, it represents the equilibrium 
between ice and water. At any point on the curve the following equilibrium will exist. 

Ice  Water 

The curve OC is slightly inclined towards pressure axis.  

This shows that melting point of ice decreases with increase of pressure.  

The degree of freedom of the system is one. i.e., univariant. 

iv) Triple point (Point ‘O’) The three curves OA, OB and OC meet at a point „Oϕ, where three 
phases namely solid ice, liquid water and water-vapour are simultaneously at equilibrium. This 
point is called triple point, at this point the following equilibrium will exist 
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Ice Water Vapour 

At this point the no. of phases(P) is 3, component(C) is 1 and the degree of freedom of the 
system is zero i.e., nonvariant. This is predicted by the phase rule:  

F = C − P + 2; F = 1 − 3 + 2; F = 0 

This takes place only at a constant temperature (0.0075°C) and pressure (4.58 mm of Hg). 

At this triple point, neither pressure nor temperature can be altered even slightly without causing 
the disappearance of one of the phases.  

v) Curve OA’(Metastable equilibrium): Curve OB′(Metastable Equilibrium) The curve OB′ is 
called vapour pressure curve of the super-cooled water (or) metastable equilibrium  

where the following equilibrium will exist.  

Super- cooled water Water- vapour. 

Sometimes water can be cooled below itϕs freezing point (0°C) without the formation of ice, 
this water is called super-cooled water.  

Super cooled water is unstable and it can be converted into solid ice by ―seeding (or) by slight 
disturbance. 

vi) Areas:Areas AOC, BOC, AOB represents liquid water, solid ice and water-vapour 
respectively where the no. of phases(P) and component(C) are one.  

Hence the degree of freedom of the system is two i.e., bivariant. This is predicted by the phase 
rule:  

F = C − P + 2; F = 1 − 1 + 2; F = 2  

Therefore, both temperature and pressure must be fixed to define the system at any point in the 
areas. 

THE SULPHUR SYSTEM : 

It is a one-component, four-phase system. The four phases are: 

(a) Two solid polymorphic forms:  

(i) Rhombic Sulphur (SR)  

(ii) Monoclinic Sulphur (SM)  

(b) Sulphur Liquid (SL)  

(c) SulphurVapour (SV)  
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All the four phase can be represented by the only chemical individual sulphur‘itself and hence 

one component of the system.  

The two crystalline forms of sulphur SR and SM exhibit enantiotropy with a transition 

point at 95.6ºC. 

Below this temperature SR is stable, while above it SM is the stable variety. At 95.6ºC each form 

can be gradually transformed to the other and the two are in equilibrium. At 120ºC, SM melts. 

Thus, The phase diagram for the sulphur system is shown in Fig.  

The salient features of the phase diagram are described below. 

 

 

(i) The six curves AB, BC, CD, BE, CE, EG 

(ii) The three Triple points B, C, E 

(iii) The four areas : 

ABG marked - solid Rhombic‘ 

BEC marked - solid Monoclinic‘ 

GECD marked - liquid Sulphur‘ 

ABCD marked - Sulphurvapour‘ 
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Let us now proceed to discuss the significance of these features: 

1. The curves AB, BC, CD, BE, CE, EG 

These six curves divide the diagram into four areas. 

Curve AB, the Vapour Pressure curve of SR. 

It shows the vapour pressure of solidrhombicsulphur (SR) at different temperatures.  

Along this curve the two phases SR andsulphurvapour (SV) are in equilibrium.  

The system SR/SV has one degree of freedom, 

F = C – P + 2 = 1 – 2 + 2 = 1 i.e., it is monovariant. 

Curve BC, the Vapour Pressure curve of SM.It shows variation of the vapour pressure 

ofmonoclinic sulphur (SM) with temperature.  

SM and SV coexist in equilibrium along thiscurve. The system SM/SV is monovariant. 

Curve CD, the Vapour Pressure curve of SL.  

It depicts the variation of the vapourpressure ofliquid sulphur (SL) with temperature.  

SL and SV are in equilibrium along CD.  

Thetwo phase system SL/SV is monovariant. One atmosphere line meets this curve at a 

temperature (444.6ºC) which is the boiling point of sulphur. 

Curve BE, the Transition curve. It shows the effect of pressure on the transition 

temperature forSR and SM.  

As two solid phases are in equilibrium along the curve, the systemSR/SM is monovariant. 

 The transformation of SR and SM is accompanied by increase ofvolume (density of SR = 2.04; 

SM = 1.9) and absorption of heat i.e.,Thus the increase of pressure will shift the equilibrium to 

the left (Le Chatelier’sPrinciple) and the transition temperature will, therefore, be raised. This is 
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why the line BEslopes away from the pressure axis showing thereby that the transition 

temperature is raisedwith increase of pressure. 

Curve CE, the Fusion curve of SM. It represents the effect of pressure on the melting 

point of SM.The two phases in equilibrium along this curve are SM and SL. The system SM/SL 

ismonovariant. As the melting or fusion of SM is accompanied by a slight increase of 

volume, the melting point will rise by increase of pressure (Le Chatelier’s principle). Thus 

the curve CE slopes slightly away from the pressure axis. The curve ends at E because SM 

ceases to exist beyond this point. 

Curve EG, the Fusion curve for SR. Here the two phases in equilibrium are SRand SL. 

Thenumber of phases being two, the system SR/SL is monovariant. 

2 .The Triple points B, C, E 

Triple point B. This is the meeting point of the three curvesAB,BCandBE. Three phases, 

SolidSR, solid SM and SV are in equilibrium at the point B. There being three phases and one 

component, the system SR/SM/S L is nonvariant. 

F = C – P + 2 = 1 – 3 + 2 = 0 

At B, SR is changed to SM and the process is reversible. Thus the temperature 

corresponding toB is the transition temperature (95.6ºC). 

Triple point C. The curvesBC, CD, CE meet at this point. The three phases inequilibrium are 

SM,SL and SV. There being three phases and one component, the system SM/SL/SV is 

nonvariant. The temperature corresponding to C as indicated on the phase diagram is120ºC.  

This is the melting point of SM. 

Triple point E. The two linesCEandBE, having different inclinations away from the 

Pressureaxis; meet at E where a third line EG also joins. The three phases SR, SM and SL are 
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in equilibrium and the system at the point E is nonvariant. This point gives the conditions of 

existence of the system SR/SM/SL at 155ºC and 1290 atmospheres pressure. 

(3) The Areas 

The phase diagram of the sulphur system has four areas or regions. These are labelled as 

rhombicsulphur, monoclinic sulphur, liquid sulphur and vapour. These represent single phase 

systems which have two degrees of freedom, 

F = C – P + 2 = 1 – 1 + 2 = 2 

That is each of the systems SR, SM, SL, and SV are bivariant. 

(4) Metastable Equilibria 

The change of SR to SM takes place very slowly. If enough time for the change is not 

allowed and SR is heated rapidly, it is possible to pass well above the transition point without 

getting SM. In that case, there being three phases (SR, S L, SV) only and one component, the 

phase diagram, like that of water system, will consist of three curves, one triple point and 

three areas. 

The dashed curve BF, the Vapour Pressure curve of metastable SR. This is a 

continuation ofthe vapour pressure curve AB of stable SR. The metastable phases SR and SV 

are in equilibrium along this curve. It is a monovariant system. 

The dashed curve CF, the Vapour Pressure curve of supercooled SL. On supercooling 

Liquidsulphur, the dashed curve CF is obtained. It is, in fact, the back prolongation of DC. 

The curve CF represents the metastable equilibrium between supercooled SL and SV. Thus it 

may be designated as the vapour pressure curve of supercooled SL. It meets the dashed curve 

BF at F. 

The dashed curve FE, the Fusion curve of metastable SR. The two metastable phases 
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SRand SLare in equilibrium along this curve and the system is monovariant. This shows that 

the melting point of metastable SR is increased with pressure. Beyond E, this curve depicts 

the conditions for the stable equilibrium SR/SL as the metastable SR disappears. 

The metastable Triple point F. At this point, three metastable phases SR, SLandSVare 

inequilibrium. The system is a metastable triple point with no degree of freedom. The 

corresponding temperature is the melting point of metastable SR (114ºC). 

Two component system 

Reduced phase rule or condensed phase rule. We know the phase-rule equation, 

F = C – P +2------ (1) 

For a two component system, C = 2 and hence the above equation becomes, 

F = 2 – P + 2 = 4 – P ……… (2) 

The minimum number of phases in any system at equilibrium is one. It is clear from the 

equation (2), the maximum number of degree of freedom is three. 

Thus, three variables – pressure, temperature and composition of one of the components 

must be specified to describe the system. This will lead to three dimensional figures which 

cannot be conveniently represented on a paper. To make this simple, one of the three variables is 

kept constant. 

Thus the system in which only the solid and liquid phases are considered and the gas 

phase is ignored is called a condensed system. This reduces the degree of freedom of the 

system by one. The phase rule equation is then written as 

F’ = C – P + 1 …….. (3) 

This equation is called reduced phase rule or condensed phase rule 

For a two component system the phase rule equation is written as 

F’ = C – P + 1  

= 2 – P +1 = 3 – P ……… (4) 

The above equation is known as the reduced (condensed) form of phase rule for two 

component system. 

Classification of two component system 

The two component systems are classified into the following three types : 
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i) Simple eutectic formation 

ii) a) Formation of compound with congruent melting point. 

 b) Formation of compound with incongruent melting point. 

iii) Formation of solid solution. 

 

Lead –Silver system 

It is a two component system. The two metals are completely miscible in liquid state and 

do not form any compound. There is almost no effect of pressure on this system. The 

temperaturecomposition phase diagram is shown in Fig. It contains lines, areas and the eutectic 

point. 

 

i) The curve AC: 

The curve AC is the freezing point curve of pure silver. 

The melting point of silver decreases gradually along the curve AC, with the continuous 

addition of  lead. Thus the curve AC is showing the effect of addition of lead on the melting 

point of pure silver. All along the curve AC two phases –solid silver and liquid are in 

equilibrium. 

According to reduced phase rule equation 

 F’ = C – P + 1 

 = 2 – 2 + 1 = 1 
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i.e, F’ = 1 

i.e., the system is univariant. 

ii) The curve BC 

Curve BC is the freezing point curve of pure lead and represents the effect of addition of 

pure silver on the melting point of pure lead. All along the curve BC two phases –solid lead and 

liquid are in equilibrium. 

According to reduced phase rule equation. 

F’ = C – P + 1 

 = 2 – 2 + 1 = 1, i.e. F’ = 1 ( The system is univariant ) 

iii) Point C ( Eutectic point) 

Point C is the eutectic point where solid silver, solid lead and their solution coexist. The 

curves AC and BC meet at point C. Since the experiment is carried out at constant pressure, the 

number of degree of freedom for the system at the eutectic point C is zero on the basis of 

reduced phase rule. 

F’ = C – P + 1 

 = 2 – 3 + 1 = 0; i.e., F’ = 0 

The system is invariant. 

Eutectic composition is 2.6% , silver and 97.4% lead and the corresponding temperature 

is 576 K. 

iv) Areas 

The area above the line ACB has a single phase (molten Pb+Ag). 

According to reduced phase rule equation, 

 F’ = C – P + 1; 

 = 2 – 1 + 1 = 2; i.e., F’ = 2 

The system is bivariant. 

Both the temperature and composition have to be specified to define the system 

completely. The area below the line AC ( solid Ag + liquid melt), below the line BC ( solid Pb 

+liquid melt) and below the eutectic point ‘C’ have two phases and the system is univariant. 

According to reduced phase rule equation, 

 F’ = C – P + 1; 
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 = 2 – 2 + 1 = 1 i.e., F’ = 1 

Application of Pattinson’sprocess : 

The phase diagram of lead-silver is useful in the extraction of silver from the 

argentiferous lead ore which has a very small percentage of silver. This process is known as 

Pattinson’s process. 

Let x represent the molten argentiferous (Pb + Ag alloy) lead containing very small 

amount of silver in it. It is a homogeneous liquid and on cooling, the temperature falls but 

without change in concentration till any point y on the curve ACis reached. 

On further cooling, lead begins to separate out and the solution becomes richer in silver. 

Further cooling will shift the system along the line yc. More of lead separates as solid till the 

point C is reached when the percentage of Ag rises to 2.6%. This process of increasing the 

relative proportion of silver in the alloy is known as Pattinson’s process of desilvering of lead. 

Uses of Eutectic system : 

1. Eutectic systems are useful in predicting the suitable alloy 

composition. 

2. It is used in the preparation of solders which are used for 

joining two metal pieces together. 

 

POTASSIUM IODIDE–WATER SYSTEM: 

It has four phases: (i) Solid KI; (ii) Solution of KI in water; (iii) Ice; and (iv)Vapour. 

Only two chemical constituents KI and H2O being necessary to depict the composition of all 

the four phases, it is a two-component system. 

Since the conditions for the existence of the various phases are studied at atmospheric 

pressure the vapour phase is ignored and the system KI-H2O is regarded as a condensed 

system. 

Pressure being constant, the two variables, temperature and concentration will be 

considered. The TC diagram of the system is shown in Fig. It consists of: 



 

(a) The Curves AO and OB 

(b) The Eutectic Point O 

(c) The area above AOB and the areas below the curves OA and BO

The Curve AO: The Freezing point curve of Water. The point A represents the freezing

point of water or the melting point of ice (0ºC) under normal conditions. The curve AO

that the melting point of ice falls by the addition of solid KI. As more and more of KI is

added, the concentration of solution and the melting temperature changes along the curve

AO. The phases in equilibrium along the curve AO are ice and solution

phase rule equation to the condensed system ice/solution, we have

F' = 2 – 2 + 1 = 1

Thus the system is monovariant. 

The Eutectic point: The lowest point attainable by the addition of KI along the

Curve OA is O.Here the solution beco

third phase. This point is termed the Eutectic Point or Cryohydric Point as one of the

components in the system is water. Applying the reduced phase rule equation to the system

ice/solid KI/solution at point O. 

F' = 2 – 3 + 1 = 0 

Hence the system is nonvariant. That is, both the temperature (

(52% KI + 48% ice) are fixed. 

The Curve BO:The Solubility curve of KI. At O, the solution is saturated with KI. Thus
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(c) The area above AOB and the areas below the curves OA and BO 

he Freezing point curve of Water. The point A represents the freezing

point of water or the melting point of ice (0ºC) under normal conditions. The curve AO

that the melting point of ice falls by the addition of solid KI. As more and more of KI is

added, the concentration of solution and the melting temperature changes along the curve

AO. The phases in equilibrium along the curve AO are ice and solution. Applying the reduced

phase rule equation to the condensed system ice/solution, we have 

2 + 1 = 1 

 

The lowest point attainable by the addition of KI along the 

Curve OA is O.Here the solution becomes saturated with KI and the solid KI appears as the

third phase. This point is termed the Eutectic Point or Cryohydric Point as one of the

components in the system is water. Applying the reduced phase rule equation to the system

 

Hence the system is nonvariant. That is, both the temperature (– 22ºC) and composition

he Solubility curve of KI. At O, the solution is saturated with KI. Thus

he Freezing point curve of Water. The point A represents the freezing 

point of water or the melting point of ice (0ºC) under normal conditions. The curve AO shows 

that the melting point of ice falls by the addition of solid KI. As more and more of KI is 

added, the concentration of solution and the melting temperature changes along the curve 

. Applying the reduced 

 

mes saturated with KI and the solid KI appears as the 

third phase. This point is termed the Eutectic Point or Cryohydric Point as one of the 

components in the system is water. Applying the reduced phase rule equation to the system 

22ºC) and composition 

he Solubility curve of KI. At O, the solution is saturated with KI. Thus 
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the curve BO depicts the effect of temperature on the concentration of saturated solution or the 

solubility of KI. The phases in equilibrium along the curve are solid KI and solution. 

Applying the reduced phase rule equation, we have 

F’ = C – P + 1 = 2 – 2 + 1 = 1 

That is, the condensed system solid KI/solution is monovariant. 

The Area above AOB: It represents the single phase system of ‘solution‘. Applying the 

phase rule equation, 

F’ = C – P + 1 = 2 – 1 + 1 =2 

Therefore the system is bivariant. 

As labelled in the diagram, the area below AO shows the existence of ice and solution, 

while the area below BO depicts the presence of solid KI and solution. Below the eutectic 

temperature line, there can exist ice and solid KI only. 

Cooling Produced by Freezing Mixtures: 

KI-H2O is a typical eutectic system with a salt and water as components. Many other salts 

as sodium chloride, sodium nitrate, ammonium chloride and ammonium nitrate constitute 

eutectic systems with water. The facts contained in this diagram explain the theory of freezing 

mixtures which are obtained bymixing salt and ice. 

When we add a salt, common salt (NaCl) to melting ice, we follow along the curve AO. 

Thus the addition of salt to the system ice/water produces a continued lowering of 

temperature until the eutectic point O is reached. Thus the lowest temperature attained in this 

way will be the eutectic temperature (– 22.0ºC). Alternatively, we may start with a 

concentrated solution of the salt represented by point X on the phase diagram. As we 

withdraw heat by adding ice, we travel along the dashed line XY. At Y which lies on the 

solubility curve BO, the solution becomes saturated with the salt. On further withdrawing 

heat, we go along with the curve BO until the eutectic point is reached. Thus the same 

minimum temperature can be attained with a freezing mixture, whether we add salt to ice or 

ice to salt solution. The eutectic temperatures of some salt/ice systems are listed below. 

System Eutectic Temperature 

NH4Cl + ICE – 16.0ºC 

NaCl.2H2O + ICE – 22.0ºC 

KNO2 + ICE – 2.6ºC 
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NaNO2 + ICE – 18.1ºC 

KCl + ICE – 11.4ºC 

 

THE FERRIC CHLORIDE–WATER SYSTEM 

This provides an example of a 2-component system in which many compounds (hydrates) are 

formed. It is a composite system made of several simple eutectic systems. Seven-phase condensed 

system. Ferric chloride (Fe2Cl6) forms four stable crystalline hydrates : 

 

 

 

The other three phases involved are ice, anhydrous ferric chloride and solution. Since all 

measurements of temperature and concentration are made at atmospheric pressure, the vapour phase is 

ignored and the system Fe2Cl6/H2O is considered a condensed system.  

Two components. As the composition of all the seven phases can be represented by the 

constituents Fe2Cl6 and H2O, it is a two-component system. 

 Phase Diagram of Fe2Cl6/H2O System The phase diagram of the ferric chloride-water system is 

shown in Fig. 
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The Curves. The point A represents the normal freezing point of water. The curve AB shows the 
lowering of freezing point on the addition of ferric chloride and hence is named as the freezing 
point curve of water. The freezing point falls till the point B is reached where a new phase 
Fe2Cl6.12H2O separates. Now as the temperature is raised and more of Fe2Cl6 is added, we 
travel along the curve BCD. Fe2Cl6.12H2O and saturated solution are in equilibrium along this 
curve which is, therefore, called the solubility curve of dodecahydrate. It will be noted that both 
the increase as also the decrease in the proportion of Fe2Cl6 in the solution at C will cause a 
lowering of solubility. Thus at a temperature such as tº, the 12H2O has two distinct solubilities in 
water, X1 and X2. This phenomenon of having two solubilities at the same temperature, 
characteristic of systems producing solid compounds, is called retroflex solubility.  

The solubility curve BCD of 12H2O terminates at D where another hydrate 7H2O separates. The 
curve DEF is the solubility curve of the heptahydrate. At F, the 5H2O appears and FGH is its 
solubility curve. AT H, 4H2O separates and HIJ is its solubility curve. At J, solid ferric chloride 
(Fe2Cl6) appears and JK is the solubility curve of the anhydrous salt.  

Along the curves AB, BCD, DEF, FGH, HIJ and JK, one solid phase and one liquid (solution) 
phase are in equilibrium. Therefore applying the reduced phase rule equation we have  

F = C – P + 1 = 2 – 2 + 1 = 1  

Hence the systems ice/solution, 12H2O/solution, 7H2O/solution, 5H2O/solution, 4H2O/solution, 
and Fe2Cl6/solution represented by the various curves are monovariant. 

The Congruent Melting Points. At points C, E, G, I the composition of the solution in 
equilibrium with the respective hydrate is identical. These points, therefore, represent the 
congruent melting points of the different hydrates (Table). 
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 Since a solid phase (hydrate) and liquid phase (solution) are identical at the congruent melting 
point, the system at points C, E, G, I has two phases and one component. It is, therefore, 
nonvariant,  

F = C – P + 1 = 1 – 2 + 1 = 0 

Congruent Melting Points Of Hydrates Of Fe2 Cl6 
Point  Congruent m.p.  Hydrate 
C 37º  12H2 O 
E 32.5º 7H2 O 
G 56º 5H2 O 
I 73.5º 4H2 O 

 

The Eutectic points. The phase diagram of the system Fe2Cl6-H2O could be split into five simple eutectic 
diagrams as shown by dashed lines in Fig. 19.11. The point A represents the melting point of ice, while C 
represents the congruent melting point of 12H2O. The eutectic diagram is made of the curve AB, the 
melting point curve of ice and the curve CB, the melting point curve of 12H2O. The lowest point 
attainable on these curves, B, is the eutectic point. Similarly the other eutectic points in the phase diagram 
are D, F, H, J. 

Eutectic Point  Temperature  Phases in Equilibrium 
B – 55º  ice, 12H2O, solution 
D 27.4º  12H2O, 7H2O, solution 
F 30º  7H2O, 5H2O, solution 
H 55º  5H2O, 4H2O, solution 
J 66º  4H2O, Fe2Cl6, solution 

 

At each of these eutectic points, the system has three phases and two components. Applying the reduced 
phase rule equation,  

we have F = C – P + 1 = 2 – 3 + 1 = 0  

That is, the system is nonvariant. 

Copper sulphate –Water system: 

CuSO4 – H2O system 

It is a two component system consisting of five phases:  

Phase Composition CuSO4.5H2O→CuSO4 + 5H2O 

CuSO4.3H2O→CuSO4 + 3H2O  

CuSO4.H2O →CuSO4 + H2O  



Anhydrous CuSO4→ CuSO4 + 0H2O 

Water Vapour→0CuSO4 + xH2O 

 
2.3. Solutions of non – electrolytes: Solution of liquids in liquids. Ideal and non

solutions, Raoult’s law.Azeotropic mixtures.Steam distillation.Solubility of different types of 
partially miscible liquids, critical solution temperature (CST).

2.4. Distribution law: Distribution law and its validity. Derivation of distribution 
law.Deviation from distribution law.Applications of distribution law.Solvent extraction.

 
Solution of liquids in liquids : 

Alcohol in water is an example
water are dissolved completely. 

 
Ideal Solutions and Non-Ideal Solutions

The solutions which obey Raoult’s Law at every range of concentration and at all temperatures are 

called Ideal Solutions. We can obtain 

solvent having similar molecular size and structure.

them. The formed solution will experience several intermolecular forces of attracti

will be: 

• A – A intermolecular forces of attraction

• B – B intermolecular forces of attraction

• A – B intermolecular forces of attraction

• The solution is said to be an ide 

• The solutions which don’t obey Raoult’s law a

temperatures are called Non

are also known as Non-Ideal Solutions

• Non-ideal solutions depict characteristics as follows:
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electrolytes: Solution of liquids in liquids. Ideal and non
solutions, Raoult’s law.Azeotropic mixtures.Steam distillation.Solubility of different types of 
partially miscible liquids, critical solution temperature (CST). 

Distribution law: Distribution law and its validity. Derivation of distribution 
law.Deviation from distribution law.Applications of distribution law.Solvent extraction.

example of liquid in liquid type solution. In this mixture, both alcohol and 

Ideal Solutions 

The solutions which obey Raoult’s Law at every range of concentration and at all temperatures are 

Ideal Solutions. We can obtain ideal solutions by mixing two ideal components that is, solute and a 

solvent having similar molecular size and structure. For Example, consider two liquids A and B, and mix 

them. The formed solution will experience several intermolecular forces of attractions inside it, which 

A intermolecular forces of attraction 

B intermolecular forces of attraction 

B intermolecular forces of attraction 

The solution is said to be an ide  Non-Ideal Solutions 

The solutions which don’t obey Raoult’s law at every range of concentration and at all 

Non-Ideal Solutions. Non-ideal solutions deviate from ideal solutions and 

Ideal Solutions. 

depict characteristics as follows: 

electrolytes: Solution of liquids in liquids. Ideal and non-ideal 
solutions, Raoult’s law.Azeotropic mixtures.Steam distillation.Solubility of different types of 

Distribution law: Distribution law and its validity. Derivation of distribution 
law.Deviation from distribution law.Applications of distribution law.Solvent extraction. 

solution. In this mixture, both alcohol and 

The solutions which obey Raoult’s Law at every range of concentration and at all temperatures are 

ideal solutions by mixing two ideal components that is, solute and a 

For Example, consider two liquids A and B, and mix 

ons inside it, which 

t every range of concentration and at all 

ideal solutions deviate from ideal solutions and 
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• The solute-solute and solvent-solvent interaction is different from that of solute-solvent 

interaction 

• The enthalpy of mixing that is, ∆mix H ≠ 0, which means that heat might have released if enthalpy 

of mixing is negative  (∆mix H < 0) or the heat might have observed if enthalpy of mixing is 

positive (∆mix H > 0) 

• The volume of mixing that is,  ∆mix V ≠ 0, which depicts that there will be some expansion or 

contraction in dissolution of liquids 

al solution, only when the intermolecular forces of attraction between A – A, B – B and A – B are nearly 

equal. 

An Azeotropic mixture is a mixture of substances that has the same concentration of vapour and fluid 

phases. It is basically a mixture that contains two or more liquids. A zeotropic mixture basically has 

constant or same boiling points and the mixtures' vapour will also have the same composition as the 

liquid. 

A well-known example of a positive azeotrope is 95.63% ethanol and 4.37% water (by mass), which 

boils at 78.2 °C. Ethanol boils at 78.4 °C, water boils at 100 °C, but the azeotrope boils at 78.2 °C, which 

is lower than either of its constituents. 

Azeotrope, in chemistry, a mixture of liquids that has a constant boiling point because the vapour has the 

same composition as the liquid mixture. The boiling point of an azeotropic mixture may be higher or 

lower than that of any of its components. 

Steam distillation process  

The principle behind the steam distillation process is that when the heating of a mixture 

of two or more immiscible liquids takes place, the vapour pressure exerted by the system 

increases. This is because it now becomes the sum of the vapour pressures of all of the 

components of the mixture combined together.Steam distillation is a separation process which 

consists in distilling water together with other volatile and non-volatile components. 

Steam distillation is a separation process which consists in distilling water together with 

other volatile and non-volatile components. The steam from the boiling water carries the vapor 

of the volatiles to a condenser, where both are cooled and return to the liquid or solid state; while 

the non-volatile residues remain behind in the boiling container. 
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If the volatiles are liquids not miscible with water, they will spontaneously form a 

distinct phase after condensation, allowing them to be separated by decantation or with 

a separatory funnel. In that case, a Clevenger apparatus may be used to return the condensed 

water to the boiling flask, while the distillation is in progress. Alternatively, the condensed 

mixture can be processed with fractional distillation or some other separation technique. 

Steam distillation can be used when the boiling point of the substance to be extracted is higher 

than that of water, and the starting material cannot be heated to that temperature because 

of decomposition or other unwanted reactions. It may also be useful when the amount of the 

desired substance is small compared to that of the non-volatile residues. It is often used to 

separate volatile essential oils from plant material. for example, to extract limonene (boiling 

point 176 °C) from orange peels. 

Partially miscible liquids become more soluble with the increase in temperature and at a 

certain temperature they are completely miscible. This temperature is known as the critical 

solution temperature (CST) or consolute temperature. The temperature above the phase gets 

affected by the addition of impurities. 

The phenol-water system is a well-studied example of what physical chemists call partially 

miscible liquids. The extent of miscibility is determined by temperature, as can be seen from the 

graph below. The inverted U-shaped curve can be regarded as made up of two halves, the one to 

the left being the solubility curve of phenol in water and the other the solubility curve of water in 

phenol. The curves meet at the temperature (66°C) where the saturated solutions of water in 

phenol, and phenol in water, have the same composition 

Partition Law or Distribution Law: 

This Law was given by Nernst. This law gives the relationship between the concentration of a 

given substance in two different phases in equilibrium with each other. 

Suppose, if a small quantity of solute soluble in both the liquids is added then solute distributes 

itself in two liquid & equilibrium is set up. Both the liquids must be immiscible with each other 

If the concentration of the solute in two liquids are C1 & C2. According to this law, 

C1/C2=K (constt.) 



k= distribution or partition coefficient

Factors affecting Distribution Coefficient

1. The value of K depends upon the temperat
2. It does not depend upon the amount of solute or solvents taken.

If the solubilities of given solute in the two solvents at the given temperature are S
S2 respectively, then 
C1/C2 = S1/S2 =K 
Ex.      Water & ether are immiscible with each other. Solute succinic acid is soluble in both of 
these solvents. If small amount of succinic acid is added in a mixture . Then,
Concentration of succinic acid in water = C
Concentration of succinic acid in ether = C
K =  Cwater /  Cether 
C water  is more than  Cether so C water

 

Conditions for Distribution Law

1. Both the solvents must be immiscible with each other

2. It is applicable only for dilute solution

3. Temperature remains constant throughout the experiment.

4. The molecular state of the solute in the two solvents should be the same.

The thermodynamic derivation of the distribution law

there are two phases in equilibrium
dissolved in them), the chemical potential* of a substance present in them must be same in both 
the phases. 

From thermodynamics, we know that the chemical potential
given by 
                                       µ = µ0 +RT ln a
Whereµ0is the standard chemical potential and ‘a’ is the activity** of the substance (solute) in 
the solution. 
 
Thus for the solute in liquid A, we have
                              µA = µ0

A+RT lna
Similarly for the solute in liquid B we have
                              µB= µ0

B+RT lna
 
But as already stated, since the liquids A and B are in equilibrium,

µA =µB 
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k= distribution or partition coefficient 

Factors affecting Distribution Coefficient- 
The value of K depends upon the temperature , nature of solute , nature of two solvents .
It does not depend upon the amount of solute or solvents taken. 

If the solubilities of given solute in the two solvents at the given temperature are S

r & ether are immiscible with each other. Solute succinic acid is soluble in both of 
these solvents. If small amount of succinic acid is added in a mixture . Then, 
Concentration of succinic acid in water = Cwater 
Concentration of succinic acid in ether = Cether 

water is taken in the numerator &  C ether in the denominato

Conditions for Distribution Law 

Both the solvents must be immiscible with each other 

It is applicable only for dilute solution 

Temperature remains constant throughout the experiment. 

The molecular state of the solute in the two solvents should be the same. 

The thermodynamic derivation of the distribution law:  is based upon the principle that if 
there are two phases in equilibrium (i.e. two immiscible solvents containing the same solute 
dissolved in them), the chemical potential* of a substance present in them must be same in both 

From thermodynamics, we know that the chemical potential of a substance is a solution 

+RT ln a 
is the standard chemical potential and ‘a’ is the activity** of the substance (solute) in 

Thus for the solute in liquid A, we have 
lnaA 

Similarly for the solute in liquid B we have 
+RT lnaB 

But as already stated, since the liquids A and B are in equilibrium, 

nature of two solvents . 

If the solubilities of given solute in the two solvents at the given temperature are S1 & 

r & ether are immiscible with each other. Solute succinic acid is soluble in both of 

in the denominator. 

 

he principle that if 
(i.e. two immiscible solvents containing the same solute 

dissolved in them), the chemical potential* of a substance present in them must be same in both 

of a substance is a solution 

is the standard chemical potential and ‘a’ is the activity** of the substance (solute) in 
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µ0
A+RT lnaA =   µ

0
B+RT lnaB 

orRT lnaA- RT lnaB = µ0
B – µ0

A 

orlnaA / lnaB =µ0
B – µ0

A / RT 

Further at a given temperature,µ0
A and µ0

Bare constant for given substance in the particular 
solvents. Hence at constant temperature, we have from equation (3.3.4). 
                    lnaA / aB = Constant 
and therefore      
                      aA / aB= Constant 
This is the exact expression of the distribution law. However, if the solutions are dilute, the 
activates are equal o the concentrations so that the expression (3.3.6) is modified to 
                          CA /CB = Contant 
Which is the original form of the distribution law. 

Applications of Distribution Law 

1. Determination of Solubility The values of K is equal to the ratio of solubilities of the 
solute in the two solvents. 

               K =C1/ C2 = S1/ S2 

      If value of K & solubility of the solute in one solvent is known then we can calculate the 

solubility of solute in other solvent. 

2. Solvent Extraction. Extraction of one substance from a solution containing various 
substances by using a suitable solvent is known as solvent extraction. 

“The amount of extracted substance is more if smaller amount of solvent are used many times 

rather than using larger amount of solvent a fewer times”. 

Liquid–liquid extraction (LLE), also known as solvent extraction and partitioning, is a 

method to separate compounds or metal complexes, based on their relative solubility in two 

different immiscible liquids, usually water (polar) and an organic solvent (non-polar).  

There is a net transfer of one or more species from one liquid into another liquid phase, generally 

from aqueous to organic.  
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The transfer is driven by chemical potential, i.e. once the transfer is complete, the overall system 

of chemical components that make up the solutes and the solvents are in a more stable 

configuration (lower free energy).  

The solvent that is enriched in solute(s) is called extract. The feed solution that is depleted in 

solute(s) is called the raffinate.  

LLE is a basic technique in chemical laboratories, where it is performed using a variety of 

apparatus, from separatory funnels to countercurrent distribution equipment called as mixer 

settlers. This type of process is commonly performed after a chemical reaction as part of 

the work-up, often including an acidic work-up. 
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Unit III  Chemical Kinetics 

 
3.1. Rate of a reaction: 

Law of mass action : The law of mass action is the proposition that the rate of the 
chemical reaction is directly proportional to the product of the activities or concentrations of the 
reactants. It explains and predicts behaviors of solutions in dynamic equilibrium. 
Rate and rate constant of a chemical reaction. 

The Reaction Rate for a given chemical reaction is the measure of the change in concentration 
of the reactants or the change in concentration of the products per unit time. The speed of a 
chemical reaction may be defined as the change in concentration of a substance divided by the 
time interval during which this change is observed: 

the reaction rate is often found to have the form: 

A → B 

r = k [A]; k is rate constant 

Definitions and comparison of order and molecularity of a reaction 

The order of reaction is an empirical quantity determined by experiment from the rate law of 
the reaction. It is the sum of the exponents in the rate law equation.  

The sum of powers to which the reactant concentrations are raised in the rate law equation is 
known as the order of the reaction. 

Molecularity, on the other hand, is deduced from the mechanism of an elementary reaction, and 
is used only in context of an elementary reaction. 

The number of ions or molecules that take part in the rate-determining step is known 
as molecularity.  

MOLECULARITY In case of chemical reactions i.e. reactions involving a number of atoms, 
ions, molecules of the reactants in the balanced equation, the chances for all the atoms, ions or 
molecules of the reactants to come together and collide are very rare. Hence in such cases, the 
reactions are supposed to take place in a number of steps. The slowest step is the rate 
determining step. The number of atoms, ions or molecules taking place in te slowest step i.e. the 
rate determining step is called the molecularity of the reaction of complex reactions. Hence, the 
molecularity of the reaction must always be a whole number whereas the order of a reaction can 
be fractional.  

Distinguish between order of a reaction and molecularity of a reaction?  

The main difference between the order of a reaction and molecularity of a reaction are 

given below: 

Order of a reaction  Molecularity of a reaction 

It is sum of the concentration terms on which 
the rate of reaction actually depends or it is the 
sum of the exponents of the concentrations in 

It is the number of atoms, ions or molecules 
that must collide with one another 
simultaneously so as to result into a chemical 
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the rate law equation. reaction 

It need not be a whole number i.e. it can be 
fractional as well as zero.  

It is always a whole number. 

It can be determined experimentally only and 
cannot be calculated.  

It can be calculated by simply adding the 
molecules of the slowest step. 

It is for the overall reaction and no separate 
steps are written to obtain it. 

The overall molecularity of a complex reaction 
has no significance. It is only slowest step 
whose molecularity has significance for the 
overall reaction. 

Even the order of a simple reaction may not be 
equal to the number of molecules of the 
reactants as seen from the unbalance equation.. 

For simple reactions, the molecularity can 
usually be obtained from the Stoichiometry of 
the equation 

 

Factors that can affect the reaction rate of a chemical reaction: 

• Reactant concentration. Increasing the concentration of one or more reactants will often 
increase the rate of reaction. 

• Physical state of the reactants and surface area.  

• Temperature.  

• Presence of a catalyst. 

 

Zero-Order Reactions In some reactions, the rate is apparently independent of the reactant 
concentration. The rates of these zero-order reactions do not vary with increasing nor decreasing 
reactants concentrations. This means that the rate of the reaction is equal to the rate constant, k, 
of that reaction. This property differs from both first-order reactions and second-order reactions. 

Origin of Zero Order Kinetics Zero-order kinetics is always an artifact of the conditions under 
which the reaction is carried out. For this reason, reactions that follow zero-order kinetics are 
often referred to as pseudo-zero-order reactions. Clearly, a zero-order process cannot continue 
after a reactant has been exhausted. Just before this point is reached, the reaction will revert to 
another rate law instead of falling directly to zero as depicted at the upper left.  

Enzyme-catalyzed reactions in organisms begin with the attachment of the substrate to the active 
site on the enzyme, leading to the formation of an enzyme-substrate complex. If the number of 
enzyme molecules is limited in relation to substrate molecules, then the reaction may appear to 
be zero-order. 

Differential Form of the Zeroth Order Rate Law Rate=−d[A]/dt=k[A] 0 =k=constant (3) where 
Rate is the reaction rate and k is the reaction rate coefficient. In this example, the units of k are 
M/s. The units can vary with other types of reactions. For zero-order reactions, the units of the 
rate constants are always M/s. 
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3.2. Rate of a first order reaction: derivation of rate equation for a first order reaction. 
Examples for first order reactions. Pseudo first order reaction. Application of first order rate 
equation to acid catalysed ester hydrolysis and inversion of sucrose. 

 
First order rate equation: 

Rate of reaction = v = -d[A]/dt = d[B]/dt = k1[A]  

where k1 is the 1st-order rate constant for the forward reaction,  

[A] is the reactant concentration, and  

[B] is the product concentration.  

The rate of the reaction (or its velocity v) is given either by the rate of disappearance of 
[A] or appearance of [B]. 

The Differential Representation Differential rate laws are generally used to describe what is 
occurring on a molecular level during a reaction, whereas integrated rate laws are used for 
determining the reaction order and the value of the rate constant from experimental 
measurements.  

The differential equation describing first-order kinetics is given below: Rate=−d[A]/dt=k[A] 1 
=k[A](1) The "rate" is the reaction rate (in units of molar/time) and k is the reaction rate 
coefficient (in units of 1/time). However, the units of k vary for non-first-order reactions. 

 

 

 

 

 

 

 



Half-life period: 

In a chemical reaction, the half-
substance to fall to half of its initial value. In a first
ln(2)/λ, where λ is the reaction rate constant.

The half-life is given by t1/2=1/k[Ao] 

Notice that the half-life of a second
contrast to first-order reactions. For this reason, the concept of half
reaction is far less useful. Reaction rates are discussed in more detail here. Reaction orders are 
defined here. 
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-life of a species is the time it takes for the concentration of that 
of its initial value. In a first-order reaction the half-life 

rate constant. 

life is given by t1/2=1/k[Ao]  

life of a second-order reaction depends on the initial con
order reactions. For this reason, the concept of half-life for a second

reaction is far less useful. Reaction rates are discussed in more detail here. Reaction orders are 

 

of a species is the time it takes for the concentration of that 
 of the reactant is 

order reaction depends on the initial concentration, in 
life for a second-order 

reaction is far less useful. Reaction rates are discussed in more detail here. Reaction orders are 
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3.3 Second-Order Reactions:  Many important biological reactions, such as the formation of 
double-stranded DNA from two complementary strands, can be described using second order 
kinetics. 

 In a second-order reaction, the sum of the exponents in the rate law is equal to two. The 
two most common forms of second-order reactions will be discussed in detail in this section. 
Reaction Rate Integration of the second-order rate law d[A]/dt=−k[A] 2 
Identical Reactants (A + A → P)  
Two of the same reactant (A) combine in a single elementary step. A+A⟶P 2A⟶P 
 The reaction rate for this step can be written as Rate=−1/2d[A]dt=+d[P]dt and  
the rate of loss of reactant A dA/dt=−k[A][A]=−k[A] 2  
where k is a second order rate constant with units of M-1 min-1 or M-1 s -1 . 

 
Different Reactants (A + B → P) Two different reactants (A and B) combine in a single 
elementary step. A+B⟶P  
The reaction rate for this step can be written as  
Rate=−d[A]/dt=−d[B]/dt=+d[P]/dt and  
the rate of loss of reactant A d[A]/dt=−k[A][B] 
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3.6. Theories of reaction rate: collision theory. Effect of temperature on the rate of a 

reaction – Arrhenius equation.Activated complex formation theory (absolute reaction rate theory 
(ARRT).Lindemann theory of unimolecular reactions. 

 
The simple collision theory: 

 

Rate = (collision rate)*(fraction of collisions with sufficient energy to react)  

  
The non-reactive collisions are assumed to be elastic – that is, both the total momentum 

and total kinetic energy are unchanged in the collision. An elastic collision is what we observe 
when macroscopic hard spheres (billiard balls or bocce balls or bowling balls or marbles) collide. 
In an inelastic collision (which could be reactive or non-reactive) the total kinetic energy 
changes during the collision. Momentum is conserved in any isolated collision.  A simplified 
derivation of the collision frequency is as follows: 

 
From the kinetic theory of gases, the number of bimolecular collisions per sec per cm-3. 

Among molecules of one species is given by  
 

                 Z=2n
2
d

2
 (8ЛkT / µ)

1/2 

 

For reactions involving two different gases A and B, the rate of bimolecular reactions 
between unlike molecules is given by 

 
                             ZAB=nAnB(dav)

2
(8ЛkT / µ)

1/2 

 

Where, nA and nBare numbers of A and B molecules, respectively, dav is average collision 
diameter defined as (dA +dB /2) and µ is the reduced mass defined as µ = (mAmB)/ (mA+mB). 
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The collision number ZAB is given, in terms of molar masses MA and MB of the two gases, the 
expression 

   
 

 
Assuming the that Z’AB gives the rate of relative collisions between A and B, we can 

write, 
-dnA/dt = Z’AB 

= nAnB (d av)2 (MA +MB )8ΠRT

MAMB

1/2

e
-E/RT

molecules cm-3s-1 ---- (13)

 
Let us, know proceeds to obtain the theoretical expression for the rate constant. If the 

concentration is expressed in mole /dm3, then  
 

 
Where NA is Avogadro number. Hence, the rate law expression 
 

-d [A] /dt = K2 [A] [B] 

can be written as  

 
 

k2 = -
NA

103nAnB

X

dnA

dt  
 
Using eqn. (13) for –dnA/dt, we have 

 

=
NA (d av)2 (MA +MB )8ΠRT

MAMB

1/2

e
-E/RT

mol-1 s-1

103
dm3k2 -------- (14)

Comparing eqn. (14) with the Arsenics eqn , we find that the 
 Arrhenius pre-exponential factor is given by 

 



=
NAA

 
The activation energy Ea

kinetic energy E along the line of centres of two colliding molecules which is required to cause 
the reaction between them. 

 
Accordingly, 
 

k2

 
Arrhenius equation: 

Activated complex formation theory (absolute reaction rate theory (ARRT)

Principles:  
• There is a thermodynamic equilibrium between the transition state and the state of 

reactants at the top of energy barrier/activation energy barrier. 
• The rate of chemical reaction is proportional to the concentration of the particles in a 

high-energy transition state leading to the formation of activated complex 
• So this theory is also called as 
• It takes enormous amount of free energy (G) to achieve the transition state, so the state is 

a high energy substance. 
• The energy difference between the reactants and the potential energy maximum is 

referred to as activation energy
• The bimolecular reaction 

is considered by 'transition state theory'
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A (d av)2 (MA +MB )8ΠRT

MAMB

1/2

103
 

a in the Arrhenius equation is thus identified with the relative 
kinetic energy E along the line of centres of two colliding molecules which is required to cause 

= pA e-Ea/RT
 

Activated complex formation theory (absolute reaction rate theory (ARRT) 

There is a thermodynamic equilibrium between the transition state and the state of 
reactants at the top of energy barrier/activation energy barrier.  
The rate of chemical reaction is proportional to the concentration of the particles in a 

ition state leading to the formation of activated complex 
So this theory is also called as Transition state theory or Activated complex theory

It takes enormous amount of free energy (G) to achieve the transition state, so the state is 
y substance. A* 

The energy difference between the reactants and the potential energy maximum is 
referred to as activation energy 
The bimolecular reaction  

 
'transition state theory'.  

in the Arrhenius equation is thus identified with the relative 
kinetic energy E along the line of centres of two colliding molecules which is required to cause 

 
 

There is a thermodynamic equilibrium between the transition state and the state of 

The rate of chemical reaction is proportional to the concentration of the particles in a 
ition state leading to the formation of activated complex A*.  

Activated complex theory.   
It takes enormous amount of free energy (G) to achieve the transition state, so the state is 

The energy difference between the reactants and the potential energy maximum is 



� According to the transition state

intermediate state on the reaction pathway

Transition state: Maximum of energy in the path way
� There is an 'energy barrier'

(C).  
� The barrier determines a 'threshold energy' or minimum of energy necessary to permit the 

reaction to occur.  
� It is called 'activation enthalpy'

� The approaching reactant molecules had sufficient kinetic energy to overcome the mutual 
repulsive forces between the electron clouds of their constituent atoms and thus come 
very close to each other.  

� An 'activated complex' AB 

maximum. 
� The high-energy complex represents an unstable molecular 

bonds break and form to generate the product 
and B.  

� Once the energy barrier is surmounted, the reaction proceeds downhill to the          
product.  

� There is a thermodynamic equilibrium betwe

reactants at the top of the energy barrier. 

to the concentration of the articles in the high
� According to equation (9) 

product of temperature T

system. ∆G 
‡
 represents the determining driving power for a reaction.

�  ∆G ‡ determines if a reaction is spontaneous or not. 
� The higher the amount of negative activation entropy is, the higher the free enthalpy of 

activation. Combining Equation and the expression and solving for 

The Eyring equation is found by substituting
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transition state model, the reactants are getting over into an unsteady 
intermediate state on the reaction pathway 

 
Maximum of energy in the path way 

'energy barrier' on the pathway between the reactants (A, B

ier determines a 'threshold energy' or minimum of energy necessary to permit the 

'activation enthalpy' ('activation energy'). 
The approaching reactant molecules had sufficient kinetic energy to overcome the mutual 

forces between the electron clouds of their constituent atoms and thus come 
 

'activated complex' AB 
‡ or 'transition state' is formed at the potential energy 

energy complex represents an unstable molecular arrangement

bonds break and form to generate the product C or to degenerate back to the reactants 

Once the energy barrier is surmounted, the reaction proceeds downhill to the          

There is a thermodynamic equilibrium between the transition state and the state of 

reactants at the top of the energy barrier. The rate of chemical reaction is proportional 
to the concentration of the articles in the high-energy transition state.  

equation (9) ∆ G 
‡ is equal to the change in enthalpy 

product of temperature T (which is in Kelvin) and the change in entropy 

represents the determining driving power for a reaction.

determines if a reaction is spontaneous or not.  
higher the amount of negative activation entropy is, the higher the free enthalpy of 

Combining Equation and the expression and solving for lnk yields: 

 
is found by substituting 

 

model, the reactants are getting over into an unsteady 

A, B) and the product 

ier determines a 'threshold energy' or minimum of energy necessary to permit the 

The approaching reactant molecules had sufficient kinetic energy to overcome the mutual 
forces between the electron clouds of their constituent atoms and thus come 

is formed at the potential energy 

arrangement, in which 
or to degenerate back to the reactants A 

Once the energy barrier is surmounted, the reaction proceeds downhill to the          

en the transition state and the state of 

The rate of chemical reaction is proportional 

ange in enthalpy ∆H 
‡
 minus the 

and the change in entropy ∆S 
‡ of the 

represents the determining driving power for a reaction. The sign of 

higher the amount of negative activation entropy is, the higher the free enthalpy of 
yields:  
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Lindemann / Lindemann-Hinshelwood theory: 

 
This is the simplest theory of unimolecular reaction rates, and was the first to 

successfully explain the observed first-order kinetics of many unimolecular reactions. The 
proposed mechanism actually consists of a second-order bimolecular collisional activation step, 
followed by a rate-determining unimolecular step. 

 
 

 
 
Applying the steady-state approximation to the concentration of A* gives 
 

 
 
so that the overall rate is 
 

 
 
This is often written as 
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UNIT IV 

PHOTOCHEMISTRY 

4.1. Fundamentals 

Photochemical reactions 

A photochemical reaction is a chemical reaction initiated by light energy . 

3O2  hγ   2O3 

Comparison of photochemical and thermal reactions 

Thermal 

Molecular collision, temperature dependent, happens in dark, ∆G is negative, high temperature 
coefficient 

Photochemical 

Activation by light, temperature independent, happens in light, ∆G is negative or positive, high 
temperature coefficient 

Consequences of light absorption -  Jablonski diagram 

Spin Multipicity = 2S+1 

S= +1/2 or -1/2 

 

So 

Sm = 2 X 0 + 1 = 1 (Singlet state - S ) 

Sm = 2 X 1 + 1 = 3 (Triplet state – T ) 



Fluorescence 

Instantaneous process, lifetime short, stops when incident light cutoff, S
by gases, liquids and solids, low quantum yield, less selective and sensitive carried by UV at 
room temperature. 

Phosphorescence 

Delayed process, lifetime long, persists when incident light cutoff, T
shown by solids, high quantum yield, more selective and sensitive, carried by UV at low 
temperature. 

Chemiluminescence 

Chemiluminescence is the generation of light by the release of energy from a chemical reaction.
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Instantaneous process, lifetime short, stops when incident light cutoff, S1 to  S0 transition, shown 
by gases, liquids and solids, low quantum yield, less selective and sensitive carried by UV at 

Delayed process, lifetime long, persists when incident light cutoff, T1 to  S1then S
lids, high quantum yield, more selective and sensitive, carried by UV at low 

is the generation of light by the release of energy from a chemical reaction.

 

transition, shown 
by gases, liquids and solids, low quantum yield, less selective and sensitive carried by UV at 

then S0transition, 
lids, high quantum yield, more selective and sensitive, carried by UV at low 

is the generation of light by the release of energy from a chemical reaction. 
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Mechanism 

Ar–  ArAr- + Ar+ 

  ABMO ( Anti Bonding Molecular orbital) 

 Ar 

Ar                      BMO (Bonding Molecular orbital) 

 

 +  hγ + 

 

   

Ar-    Ar+     Ar *  Ar 

 

Ar*    Ar + hγ (chemiluminescence) 

4.2. Laws of photochemistry 

Grotthuss-Draper law 

 Only the light absorbed in a molecule can produce photochemical change  

Beer- Lambert law 

The amount of energy absorbed by a solution is proportional to the 
solution's molar absorptivity and the concentration of solute. Mathematical statement of Beer's 
law is A = εcl, where: A = absorption; ε = molar attenuation coefficient,c = concentration of the 
solution l = path length. 
Stark – Einstein law of photochemical equivalence 

Each molecule take part in any photochemical process absorbs one quantum of light 
 
 

Processes of photochemical reactions  

1. Primary Process: Atoms or molecules activated by actual absorption of radiation. Or, the 
excitation of the species from the ground electronic state to excited state.  
2. Secondary process: Activated species undergoes chemical reaction. ---Does not involve the 
absorption of light. 
Eg., Photochemical combination of Cl2 and H2 
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a. Primary Process Cl2 + hν→ 2Cl. Chain Initiation step Photochemical equivalence is 
applicable to this step  
b. Secondary process Propagation reaction and Chain terminating step  
Quantum Yield 

Quantum Efficiency (ф ) 
ф= No. of molecules reacting in a given time /No.ofquantas of light absorbed in the same time 
Experimentally, Ф = rate of chemical reaction / quanta absorbed per second.  
Quantum efficiency  

It expresses the efficiency of a photochemical reaction. A photochemical reaction strictly 
obey the laws of photochemical equivalence Ф should be unity. Because the ratio between the 
reacting molecules & no. of quanta absorbed =1:1  

Only few reactions, Ф =1  
eg. SO2 + Cl2→ SO2 Cl2 
But in major cases, Ф ≠ 1  
In the photolysis of Cl2 and H2, ΦHCl high as 106. 
Cl2 + hν→2Cl . 
Cl . + H2→HCl + H (exothermic)  
H + Cl2→HCl +Cl . 
In the photolysis of Br2 and H2, ΦHBr is very low of  0.01 
Br2 + hν→ 2Br  
Br+ H2→HBr+ H (endothermic)  
H + Br2→HBr + Br 

Experimental determination of quantum yield  

Chemical actinometers 

An actinometer is a chemical device which determines the number of photons in a beam 
in unit time. For e.g. uranyl oxalate actinometer 
UO2SO4                                   UO2

2+  + SO4
2- 

UO2
2+  hγ  UO2

2+*  ( photo sensitized) 

hγ  - light falls on dectector 

 

UO2
2+*  + COOH    UO2

2+ + CO2 +CO +H2O 

      COOH 

4.3. Kinetics of photochemical reactions 

Photochemical reaction between H2 and Cl2 

hγ 
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H2 + Cl2 2HCl 

Rate of the reaction = K [H2] [Cl2] 

Rate of the reaction =  - d[H2]/dt =  - d[Cl2]/dt = d[HCl]/dt 

Mechanism 

Step1 

hγ 

Cl2 ;ClCl                   2 Clo (Chlorine free radicals) ; 2 Cl     
   Rate = K1Ia(Initiation) 

Step 2 

Cl + H2HCl + H Rate = K2[Cl] [H2]  (propagation) 

Step 3 

H + Cl2 HCl + Cl Rate = K3[H] [Cl2](propagation) 

Step 4 

Cl + Cl   Cl2  Rate = K4 [Cl]2(termination) 

 

 

d[HCl]/dt =K2[Cl] [H2] + K3[H] [Cl2]   (1) 

 

Steady State principle 

Rate of formation  = Rate of disappearance  

of intermediate             intermediate 

Applying Steady State principle for Cl free radical 

K1Ia + K3[H] [Cl2] = K2[Cl] [H2]  + K4 [Cl]2 (2) 

Applying Steady State principle for H free radical 

K2[Cl] [H2]  =K3[H] [Cl2]  (3) 
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Apply (3) in (2) we get 

K1Ia + K3[H] [Cl2] = K3[H] [Cl2] + K4 [Cl]2 

K1Ia = K4 [Cl]2 

[Cl]2 = (K1/ K4) Ia 

[Cl] = ((K1/ K4) Ia)
1/2 = (K1/ K4)

½ Ia
1/2 (4) 

Apply (3) in (1) we get 

d[HCl]/dt =K2[Cl] [H2] + K3[H] [Cl2]  (1) 

K2[Cl] [H2]  =K3[H] [Cl2]  (3) 

d[HCl]/dt =K2[Cl] [H2] + K2[Cl] [H2]   

d[HCl]/dt = 2 K2[Cl] [H2]  (5) 

Apply (4) in (5) we get 

d[HCl]/dt = 2 K2(K1/ K4)
½ Ia

1/2[H2]  (6) 

2 K2(K1/ K4)
½ = K’ 

d[HCl]/dt = K’ Ia
1/2[H2]   (7) 

Quantum Yield ( ) = Rate of the reaction/ Ia 

Quantum Yield ( ) = K’ Ia
1/2[H2] / Ia 

Quantum Yield ( ) = K’ [H2] / Ia
1/2 

Photochemical combination of H2 and Br2 

hγ 

H2  + Br2 2 HBr 

Mechanism 

Step 1  

Br2hγ Br           Br        2Bro  2Br 

     Rate =  K1Ia (Initiation) 
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Step 2 

Br + H2 HBr + H Rate =  K2[Br] [H2] (Propagation) 

Step 3 

H + Br2  HBr + Br   Rate =  K3[H] [Br2] (Propagation) 

Step 4 

HBr + H    H2 + Br Rate =  K4[HBr] [H] (Propagation) 

Step 5 

Br + Br                        Br2  Rate =  K5[Br]2 (Termination) 

 

Rate of the reaction for the formation of HBr  = d [HBr]/dt 

d [HBr]/dt = K2 [Br] [H2] + K3 [H] [Br2] - K4 [HBr] [H]   (1) 

Applying Steady state principle for intermediates 

Rate of formation = Rate of disappearance 

For Br free radical 

K1Ia + K3 [H] [Br2] + K4 [HBr] [H] = K2 [Br] [H2] + K5 [Br]2 (2) 

For H free radical 

K2 [Br] [H2] = K3 [H] [Br2] + K4 [HBr] [H]          (3) 

Apply (3) in (2) we get  

K1Ia + K2 [Br] [H2] = K2 [Br] [H2] + K5 [Br]2 

K1Ia = K5 [Br]2 

[Br]2 = (K1/K5) Ia 

[Br] = (K1/K5)
1/2Ia

1/2  (4) 

Apply (4) in (3) we get  

K2 (K1/K5)
1/2Ia

1/2 [H2] = K3 [H] [Br2] + K4 [HBr] [H] 

K2 (K1/K5)
1/2Ia

1/2 [H2] = [H] (K3 [Br2] + K4 [HBr])  
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[H] = {K2(K1/K5)
1/2Ia

1/2 [H2]} / (K3 [Br2] + K4 [HBr])  (5) 

Rearranging equation (3) we get 

K2 [Br] [H2] = K3 [H] [Br2] + K4 [HBr] [H] 

K3 [H] [Br2] = K2 [Br] [H2] - K4 [HBr] [H]  (6) 

Apply (6) in (1) we get 

d [HBr]/dt = K2 [Br] [H2] + K3 [H] [Br2] - K4 [HBr] [H]   

d [HBr]/dt = K3 [H] [Br2] + K3 [H] [Br2] 

d [HBr]/dt = 2 K3 [H] [Br2]  (7) 

Applying (5) in (7) we get 

d [HBr]/dt = 2 K3 [Br2] { K2 (K1/K5)
1/2Ia

1/2 [H2]}  

  (K3 [Br2] + K4 [HBr]) 

Dividing denominator by  K3 [Br2] 

K3 [Br2]   +K4[HBr]   =       1 + K4 [HBr]  

K3 [Br2] K3 [Br2]   K3 [Br2] 

d [HBr]/dt =  2 K3 [Br2] { K2 (K1/K5)
1/2Ia

1/2 [H2]} 

  1 + K4 [HBr] 

  K3 [Br2] 

Dividing numerator by  K3 [Br2] 

d [HBr]/dt =  2 { K2 (K1/K5)
1/2Ia

1/2 [H2]} 

  1 + K4 [HBr] 

  K3 [Br2] 

d [HBr]/dt =   K’ Ia
1/2 [H2] 

  1 +   K4 [HBr] 

  K3 [Br2] 

K” = K3/K4 ; K4/K3= 1/K’’ 
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d [HBr]/dt =K’ Ia
1/2 [H2]    (8) 

 1 +[HBr] 

          K’’ [Br2] 

Quantum Yield = Rate/Ia 

Quantum Yield  =K’ Ia
1/2 [H2] 

       1 +    [HBr]Ia 

                 K’’ [Br2] 

Quantum Yield  =     K’ [H2] 

 1 + [HBr] Ia
1/2  

        K”[Br2] 

4.4. Lasers  

LASER (Light Amplification by Stimulated Emission of Radiation) 

Light is a kind of energy released by an atom. Light is made up of very small particles called 

photons. Laser is a device that amplifies or increases the intensity of light and produces 

highly coherent light.When electron jumps from a higher energy level to a lower energy level, it 

emits light or photon. The energy of the emitted photon is equal to the energy difference between 

the energy levels. Laser light has four unique characteristics that differentiate it from ordinary 

light. 

• Coherence 

• Directionality 

• Monochromatic 

• High intensity 
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Working of Lasers 

Consider a system consisting of three energy levels E1, E2, E3 with N number of 

electrons.We assume that the energy level of E1 is less than than E2 and E3, whichcan be 

written as E1 < E2 < E3. The energy level E1 is known as the ground state or lower energy 

state and the energy levels E2 and E3 are known as excited states. The energy level E2 is 

referred as meta stable state. Let N number of electrons in the system occupies these 

three energy levels. Let N1 be the number of electrons in the energy state E1, N2 be the 

number of electrons in the energy state E2 and N3 be the number of electrons in the energy 

state E3. In normal conditions, the population is in the order of N1 > N2 > N3 such that the 

laser emission is not possible. Hence to get laser emission, the condition of population 

inversion has to be achieved (i.e) the population of higher energy state should be greater 

than the population of the lower energy state. Such a condition is called as population 

inversion.In order to achieve the condition of population inversion, we need to supply 

energy to the electrons in E1 state and makes them to jump E3 state. The process of 

supplying energy is called pumping.The source that supplies energy to the electron is 

called pump source.Some of the most commonly used pump sources are as follows 

• Optical pumping 

• Electric discharge or excitation by electrons 

• Inelastic atom-atom collisions 

• Thermal pumping 

• Chemical reactions 

Optical pumping is a process in which light energy is used to excite electrons from a lower 

energy level to higher energy levels. The lifetime of electrons in the energy state E3 is very small 
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as compared to the lifetime of electrons in the energy state E2 and releases radiation less energy 

instead of photons. Many electrons from E3 state falls to E2 state and only a small number of 

electrons remain in the energy state E3.Thus, the population of metal stable state (E2) will 

become greater than the population of energy states E3 and E1 of order as N2 > N1 > N3.After 

completion of lifetime of electrons in the meta stable state, they fall back to the lower energy 

state or ground state E1 by releasing energy in the form of photons. This process of emission of 

photons is called spontaneous emission.When this emitted photon interacts with the electron in 

the meta stable state E2, it forces that electron to fall back to the ground state with emission of 

two photons. This process of emission of photons is called stimulated emission.When these 

photons again interacted with the electrons in the meta stable state, they forces two more meta 

stable state electrons to fall back to the ground state. As a result, four photons are emitted. 
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Likewise, a large number of photons are emitted resulting in the laser emission process. 

 

 

Q – switching 

 The process of converting Q value of optical cavity from lower to higher one is called Q- 
switching 
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Unit V   Group theory 

 
5.1. Fundamentals 

Symmetry Elements - These are the geometrical elements like line, plane with respect to which 
one or more symmetric operations are carried out.  

• The symmetry of a molecule can be described by 5 types of symmetry elements.  

Symmetry axis: an axis around which a rotation by results in a molecule indistinguishable from 
the original. This is also called an n-fold rotational axis and abbreviated Cn.  

Examples are the C2 in water and the C3 in ammonia. A molecule can have more than one 
symmetry axis; the one with the highest n is called the principal axis, and by convention is 
assigned the z-axis in a Cartesian coordinate system. 

Plane of symmetry: a plane of reflection through which an identical copy of the original 
molecule is given. This is also called a mirror plane and abbreviated ζ. 

 Water has two of them: one in the plane of the molecule itself and one perpendicular to it. A 
symmetry plane parallel with the principal axis is dubbed vertical (ζv) and one perpendicular to it 
horizontal (ζh). A third type of symmetry plane exists: if a vertical symmetry plane additionally 
bisects the angle between two 2-fold rotation axes perpendicular to the principal axis, the plane is 
dubbed dihedral (ζd). A symmetry plane can also be identified by its Cartesian orientation, e.g., 
(xz) or (yz).  

••••Centre of symmetry or inversion center, i. A molecule has a center of symmetry when, for 
any atom in the molecule, an identical atom exists diametrically opposite this center an equal 
distance from it. There may or may not be an atom at the center. Examples are xenon 
tetrafluoride (XeF4) where the inversion cente is at the Xeatom, and benzene (C6H6) where the 
inversion center is at the center of the ring.  

•••• Rotation-reflection axis: an axis around which a rotation by , followed by a reflection in a 
plane perpendicular to it, leaves the molecule unchanged. Also called an n-fold improper rotation 
axis, it is abbreviated Sn, with n necessarily even. Examples are present in tetrahedral silicon 
tetrafluoride, with three S4 axes, and the staggered conformation of ethane with one S6 axis.  

•••• Identity, abbreviated to E, from the German 'Einheit' meaning Unity. This symmetry element 
simply consists of no change: every molecule has this element. It is analogous to multiplying by 
one (unity). 



Symmetry Operations/Elements

if that operation when applied leaves the molecule unchanged. Each operation is performed 
relative to a point, line, or plane -

There are 5 kinds of operations –

 1. Identity 

 2. n-Fold Rotations 

 3. Reflection  

4. Inversion  

5. Improper n-Fold Rotation 

1. Identity is indicated as E  

•does nothing, has no effect i;e this operation brings back the molecule to the original orientation

•all molecules/objects possess the

•E has the same importance as the number 1 does in multiplication (E is needed in order to 
define inverses). 

2. n-Fold Rotations: Cn, where n is an integer, rotation by 360°/n about a particular axis defined 
as the n-fold rotation axis.  

C2 = 180° rotation, C3 = 120° rotation, C4 = 90° rotation, C5 = 72° rotation, C6 = 60° rotation, 
etc. Rotation of H2O about the axis shown by 180° (C2) gives the same molecule back. 
Therefore H2O possess the C2 symmetry element.

3. Reflection: σ(the symmetry element is called a mirror plane or plane of symmetry) If 
reflection about a mirror plane gives the same molecule/object back than there is a plane of 
symmetry (σ). If plane contains the principle rotation axis (i.e., parallel), i
v) If plane is perpendicular to the principle rotation axis, it is a horizontal plane (
parallel to the principle rotation axis, but bisects angle between 2 C2 axes, it is a diagonal plane 
(σ d) H2O posses 2 σ v mirror planes of symmetry because they are both parallel to the principle 
rotation axis (C2) 
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Symmetry Operations/Elements:  A molecule or object is said to possess a particular operation 
if that operation when applied leaves the molecule unchanged. Each operation is performed 

- called a symmetry element.  

– 

does nothing, has no effect i;e this operation brings back the molecule to the original orientation

all molecules/objects possess the identity operation, i.e., posses E.  

E has the same importance as the number 1 does in multiplication (E is needed in order to 

Fold Rotations: Cn, where n is an integer, rotation by 360°/n about a particular axis defined 

C2 = 180° rotation, C3 = 120° rotation, C4 = 90° rotation, C5 = 72° rotation, C6 = 60° rotation, 
etc. Rotation of H2O about the axis shown by 180° (C2) gives the same molecule back. 
Therefore H2O possess the C2 symmetry element. 

(the symmetry element is called a mirror plane or plane of symmetry) If 
reflection about a mirror plane gives the same molecule/object back than there is a plane of 

). If plane contains the principle rotation axis (i.e., parallel), it is a vertical plane (
v) If plane is perpendicular to the principle rotation axis, it is a horizontal plane (σ
parallel to the principle rotation axis, but bisects angle between 2 C2 axes, it is a diagonal plane 

ror planes of symmetry because they are both parallel to the principle 

A molecule or object is said to possess a particular operation 
if that operation when applied leaves the molecule unchanged. Each operation is performed 

does nothing, has no effect i;e this operation brings back the molecule to the original orientation 

E has the same importance as the number 1 does in multiplication (E is needed in order to 

Fold Rotations: Cn, where n is an integer, rotation by 360°/n about a particular axis defined 

C2 = 180° rotation, C3 = 120° rotation, C4 = 90° rotation, C5 = 72° rotation, C6 = 60° rotation, 
etc. Rotation of H2O about the axis shown by 180° (C2) gives the same molecule back. 

 

(the symmetry element is called a mirror plane or plane of symmetry) If 
reflection about a mirror plane gives the same molecule/object back than there is a plane of 

t is a vertical plane (σ 
v) If plane is perpendicular to the principle rotation axis, it is a horizontal plane (σ h) If plane is 
parallel to the principle rotation axis, but bisects angle between 2 C2 axes, it is a diagonal plane 

ror planes of symmetry because they are both parallel to the principle 



4. Inversion: i (the element that corresponds to this operation is a center of symmetry or 
inversion center) . The operation is to move every atom in the molecule i
the inversion center to the opposite side of the molecule.

The operation is to move every atom in the molecule in a straight line through the inversion 
center to the opposite side of the molecule.

5. Improper Rotations: Sn n-fold rotation followed by reflection through mirror plane 
perpendicular to rotation axis also known as Rotation Reflection axis. It is an imaginary axis 
passing through the molecule, on which when the molecule is rotated by 2
reflected on a plane perpendicular to the rotation axis then an equivalent orientation is observed. 
Note: n is always 3 or larger because S1 = 

Groups & Subgroups 

Each molecule has a set of symmetry operations that describes the molecule's overall symmetry. 
This set of operations define the group of the molecule.A group is a finite or infinite set of 
elements together with a binary operation (called the group operation) that together satisfy the 
four fundamental properties of closure, associativity, the identit
property. The operation with respect to which a group is defined is often called the "group 
operation," and a set is said to be a group "under" this operation.

A group is a set of operations which satisfies the following require

1. Any result of two or more operations must produce the same result as application of one 
operation within the group.i.e., the group multiplication table must be closed Consider H2O 
which has E, C2 and 2 σ v's. 
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4. Inversion: i (the element that corresponds to this operation is a center of symmetry or 
inversion center) . The operation is to move every atom in the molecule in a straight line through 
the inversion center to the opposite side of the molecule. 

The operation is to move every atom in the molecule in a straight line through the inversion 
center to the opposite side of the molecule. 

 

d rotation followed by reflection through mirror plane 
perpendicular to rotation axis also known as Rotation Reflection axis. It is an imaginary axis 
passing through the molecule, on which when the molecule is rotated by 2π/n angle & then 

ane perpendicular to the rotation axis then an equivalent orientation is observed. 
Note: n is always 3 or larger because S1 = σ and S2 = i. 

Each molecule has a set of symmetry operations that describes the molecule's overall symmetry. 
is set of operations define the group of the molecule.A group is a finite or infinite set of 

elements together with a binary operation (called the group operation) that together satisfy the 
four fundamental properties of closure, associativity, the identity property, and the inverse 
property. The operation with respect to which a group is defined is often called the "group 
operation," and a set is said to be a group "under" this operation. 

is a set of operations which satisfies the following requirements 

1. Any result of two or more operations must produce the same result as application of one 
operation within the group.i.e., the group multiplication table must be closed Consider H2O 

 

4. Inversion: i (the element that corresponds to this operation is a center of symmetry or 
n a straight line through 

The operation is to move every atom in the molecule in a straight line through the inversion 

d rotation followed by reflection through mirror plane 
perpendicular to rotation axis also known as Rotation Reflection axis. It is an imaginary axis 

π/n angle & then 
ane perpendicular to the rotation axis then an equivalent orientation is observed. 

Each molecule has a set of symmetry operations that describes the molecule's overall symmetry. 
is set of operations define the group of the molecule.A group is a finite or infinite set of 

elements together with a binary operation (called the group operation) that together satisfy the 
y property, and the inverse 

property. The operation with respect to which a group is defined is often called the "group 

1. Any result of two or more operations must produce the same result as application of one 
operation within the group.i.e., the group multiplication table must be closed Consider H2O 



2. Must have an identity ( ) such that
elements must have an inverse i.e., for a given operation ( ) there must exist an operation ( ) such 
that or AA-1 = A-1A = E 4. Each element has follows associative law P(QR) = (PQ)R

subgroup.Any subset of element which form a group is called as subgroup. A subgroup is a 
subset of group elements of a group that satisfies the four group requirements. It must therefore 
contain the identity element. " is a subgroup of " is written , or sometimes . A subgroup

The elements of a subgroup should obey the following conditions
s is the order of the subgroup ,then g/s is a natural number. Example
symmetry elements- E,C2, σ v, σ
E, σ v 

CLASSES – This is the subdivision of a group. Two elements A & B in a group form a class if 
they are conjugate to each other. Conjugate elements are related by the equation X
Where X is similarity transformation element .It
class. 

5.2 The group multiplication table obtained is therefore for water molecule:

 

5.3 Matrix representation of symmetry operations

operations can be obtained by considering the effect of these operations on the components of a 
two dimensional vector. The results can be extended to3 dimensions. 

Rotations in two dimensions 

Matrix representation for the Rotation operation

a vector r which can be represented by column matrix. The symmetry operations can be 
represented in many ways. A convenient representation is by matrices. For any vector 
representing a point in Cartesian coordinates, left
point transformed by the symmetry operation. Composition of operations corresponds to matrix 
multiplication. In the C2v example this is:
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2. Must have an identity ( ) such that AE = EA = A for any operation A in the group. All 
elements must have an inverse i.e., for a given operation ( ) there must exist an operation ( ) such 

1A = E 4. Each element has follows associative law P(QR) = (PQ)R

element which form a group is called as subgroup. A subgroup is a 
subset of group elements of a group that satisfies the four group requirements. It must therefore 
contain the identity element. " is a subgroup of " is written , or sometimes . A subgroup

he elements of a subgroup should obey the following conditions-If g is the order of the group & 
s is the order of the subgroup ,then g/s is a natural number. Example- water molecule has 

σ v, σ v 1 GROUP - E,C2, σ v, σ v 1 SUBGROUPS -

This is the subdivision of a group. Two elements A & B in a group form a class if 
they are conjugate to each other. Conjugate elements are related by the equation X
Where X is similarity transformation element .It is used to find whether a set of elements form a 

5.2 The group multiplication table obtained is therefore for water molecule:

 

5.3 Matrix representation of symmetry operations- The matrices for the different symmetry 
operations can be obtained by considering the effect of these operations on the components of a 
two dimensional vector. The results can be extended to3 dimensions.  

for the Rotation operation – For 2D coordinate system X &Y , there is 
a vector r which can be represented by column matrix. The symmetry operations can be 
represented in many ways. A convenient representation is by matrices. For any vector 

oint in Cartesian coordinates, left-multiplying it gives the new location of the 
point transformed by the symmetry operation. Composition of operations corresponds to matrix 
multiplication. In the C2v example this is: 

AE = EA = A for any operation A in the group. All 
elements must have an inverse i.e., for a given operation ( ) there must exist an operation ( ) such 

1A = E 4. Each element has follows associative law P(QR) = (PQ)R 

element which form a group is called as subgroup. A subgroup is a 
subset of group elements of a group that satisfies the four group requirements. It must therefore 
contain the identity element. " is a subgroup of " is written , or sometimes . A subgroup 

If g is the order of the group & 
water molecule has 

- E E,C2 E, σ v, 

This is the subdivision of a group. Two elements A & B in a group form a class if 
they are conjugate to each other. Conjugate elements are related by the equation X-1AX = B 

is used to find whether a set of elements form a 

5.2 The group multiplication table obtained is therefore for water molecule: 

 

The matrices for the different symmetry 
operations can be obtained by considering the effect of these operations on the components of a 

For 2D coordinate system X &Y , there is 
a vector r which can be represented by column matrix. The symmetry operations can be 
represented in many ways. A convenient representation is by matrices. For any vector 

multiplying it gives the new location of the 
point transformed by the symmetry operation. Composition of operations corresponds to matrix 



2.Matrix for Reflection operation

σ h), coordinate z changes the sign

 

3.Matrix for the inversion i operation
connected with the following matrix: a two fold application o
coordinates of the initial point (x,y,z) which is reflected by E = i*i.

4.Matrix for rotatory reflection Sn(z) multiply the matrices for the fundamental operations 
Cn 

 

5. Identity matrices- The most primitive sym
vector identical to the initial vector. It is the unity matrix or identity matrix which leaves all 
coordiates unaffected. 

5.4. Applications of symmetry operations and group theory in chemistry. 
Group Theory is the mathematical application of symmetry to an object to obtain 

knowledge of its physical properties. ... The fact that so many important physical aspects can be 
derived from symmetry is a very profound statement and this is what makes
powerful 
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2.Matrix for Reflection operation- Reflection on the xy-plane (analogous to a horizontal plane 
 h), coordinate z changes the sign 

3.Matrix for the inversion i operation- It relates the coordinates (x,y,z) with (-x,-
connected with the following matrix: a two fold application of the inversion matrix yields the 
coordinates of the initial point (x,y,z) which is reflected by E = i*i. 

 

4.Matrix for rotatory reflection Sn(z) multiply the matrices for the fundamental operations 

The most primitive symmetry operation is the identity and yields a final 
vector identical to the initial vector. It is the unity matrix or identity matrix which leaves all 

5.4. Applications of symmetry operations and group theory in chemistry. 
is the mathematical application of symmetry to an object to obtain 

knowledge of its physical properties. ... The fact that so many important physical aspects can be 
derived from symmetry is a very profound statement and this is what makes group theory

 

 

plane (analogous to a horizontal plane 

-y,-z) and is 
f the inversion matrix yields the 

4.Matrix for rotatory reflection Sn(z) multiply the matrices for the fundamental operations ζz and 

metry operation is the identity and yields a final 
vector identical to the initial vector. It is the unity matrix or identity matrix which leaves all 

5.4. Applications of symmetry operations and group theory in chemistry.  
is the mathematical application of symmetry to an object to obtain 

knowledge of its physical properties. ... The fact that so many important physical aspects can be 
group theory so 
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III YEAR - V SEMESTER 

COURSE CODE: 7BCHE1A 

 

ELECTIVE COURSE - I (A) – ANALYTICAL CHEMISTRY 

 
Unit I   Analytical data analysis and Laboratory hygiene: 

1.1.Need of statistical analysis: definition for accuracy precision and error. Sources of 
errors and classification of errors – systematic (determinate) errors and random (indeterminate) 
errors.Distribution of errors.Methods of minimisation of errors. 

1.2.Data analysis: Mean standard deviation and coefficient of variance. Significant 
figure. 

1.3.Reliability of results: Q – test. Student – t – test and F-test – confidence limit and 
rejection of experimental data.curve fitting – methods of least squares – problems involving 
straight line graphs. 

1.4. Laboratory Hygiene and Safety: Storage and handling of chemicals – carcinogenic, 
corrosive, explosive, toxic and poisonous chemicals – general precautions for avoiding accidents 
– first aid techniques for acid in eye, alkali in eye, acid burns, alkali burns, bromine burns, 
poisoning, inhalation of gases, cut by glasses and heat burns – methods to avoid poisoning – 
treatment for specific poisons. 
 
Unit II  Separation purification and Chromatographic and Electrophoretic methods: 

2.1. Separation and Purification Techniques:Solvent extraction – Soxhelt extraction – 
Principles and applications of distillation, fractional distillation, steam distillation – 
crystallization and sublimation. 

2.2. Basic principle of chromatography. Various types of chromatographic 
technique.Column chromatography, thinlayer chromatography, Paper chromatography, Gas 
chromatography, ion exchange chromatography and HPLC. 

2.3. Basic principles of electrophoresis. Isoelectric point.Electrophoretic 
mobility.Electrophoretic separation of proteins. 
 
Unit III Colorimetry and spectrophotometry: 

1.1.Theory of colorimetry and spectrophotometry: Beer – Lambert’s law and its 
limitations. Standard series method  and balancing methods. 

1.2.Reagents, solutions and experimental procedure for the estimation of iron, lead nickel 
and tin. 

1.3Basic principles of spectrofluorimetry.Reagents, solutions and experimental procedure 
for the estimation of aluminium, cadmium, calcium and zinc. 
 
Unit IV  Gravimetry: 

4.1. Basic principle, advantages of gravimetric analysis. Solubility product.Super 
saturation. Co-precipitation and post precipitation. Digestion.Precipitation from homogeneous 
solutions.Precipitants .specific and selective precipitant. sequestering agents. 

4.2.Thermogravimetric analysis – Principle – instrumentation – characteristics of 
thermogravimetric curve – Applications of TGA for calcium oxalate monohydrate. Differential 
Thermal Analysis – Principle – instrumentation – characteristics of differential thermal curve – 
Applications of DTA for calcium oxalate monohydrate. 
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Unit V  Electro-analytical techniques: 

5.1. Electro- gravimetry: theory of electro-gravimetry. Faraday’s laws.Ohm’s 
law.Electrical units – ampere, volt, ohm and coulomb.Polarised and depolarised 
electrodes.Current density, current efficiency, decomposition potential and 
overpotential.Electrolytic separation of copper from nickel and copper from lead.Estimation of 
antimony, copper, lead and tin in alloys. 

5.2. voltammetry: principles of voltammetry. Experimental setup for polorographic 
analysis.Types of polorographic methods.Determination  of lead in tap water. 

5.3. Electrochemical analytical techniques: Basic principles of voltametric analytical 
techniques.  Potentiometric titrations and conductometric titrations. Irreversible electrode 
processes and overvoltage. Applications of overvoltage.Polorography and its applications. 
 
Books for Reference: 

1. R.Gopalan, P.S.Subramanian and K.Rengarajan, Elements of Analytical Chemistry, 
Sultan Chand & Sons, New Delhi, 1995. 

2. Douglas A.Skoog and D.M.West, Principles of Instrumental Analysis, W.B.Saunders, 
New York, 1982. 

3. GurdeepChatwal, Sham Anand, Instrumental Methods of Chemical Analysis, Himalaya 
Publishing House, Mumbai, 1998. 

4. Vogel’s quantitative chemical analysis – 5th edition. 
 

♣♣♣♣♣♣♣♣♣♣ 
 
 
Unit I Analytical data analysis and Laboratory hygiene: 

 

Introduction: 

 Every physical measurement is subject to a degree of uncertainty that can never be 

completely eliminated but, can be reduced to an acceptable level.  The amount of uncertainty is 

often difficult to quantify and requires additional effort and good judgment on the part of the 

chemist.   

 Thus the task of the analytical chemist goes beyond that of correctly performing the 

manipulations and taking the readings required in a procedure. To obtain meaningful results 

the following steps must also be carried out. 

1. Results of each analysis must be properly recorded and calculated. 

2. Since analyses are done in replicate (usually two to five times), the analyst must determine 

the best value to report. Although the best value is often the arithmetic mean, or average, 

of the individual results, there is often the question of whether to include a result that 

seems out of line with the others. 



3. Finally, the analyst must evaluate the results ob

error that can be placed on the final result.

Unfortunately there exists no simple, generally applicable means by which quality of an 

experimental result can be assessed with absolute certainty.  

Types of Error: 

Both errors and deviations, collectively called 

broad categories, determinate errors

Determinate errors 

Errors which can be determined (measured) and rectified under suitable conditions are 

called determinate errors. A determinate error is ordinarily unidirectional or biased, thatis, it 

will cause all replicate analyses to be either high or low.  They may be

 

The determinate errors are further classified into four kinds depending upon their origin :

i) Instrumental errors 
ii) Methodic errors 
iii) Operative errors  
iv) Personal errors   

 
i) Instrumental errors 

These errors usually originate when faulty instruments ar

environmental factors on the instrument. For 

example, weights in a chemical laboratory become 

unfit for accurate measurement due to rusting. They 

need periodic calibration. Therefore, measurements 

made with uncalibrated weights,

measuring flasks, balances with unequal arm lengths 

and balance with faulty graduation of the beam are 

associated with errors. Measuring devices powered 

by electricity are commonly subject to determinate 

errors.  Examples include decreases in the voltage of 

battery operated power supplies with use, increased 

resistance in circuits because of dirty electrical 

contacts, vibration, and currents induced from 110

power lines.  Again, these errors are usually 

detectable and correctable, mos
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Finally, the analyst must evaluate the results obtained and establish the probable limits of 

error that can be placed on the final result. 

Unfortunately there exists no simple, generally applicable means by which quality of an 

experimental result can be assessed with absolute certainty.   

Both errors and deviations, collectively called uncertainties, are classified into two 

determinate errors and indeterminate errors. 

Errors which can be determined (measured) and rectified under suitable conditions are 

called determinate errors. A determinate error is ordinarily unidirectional or biased, thatis, it 

will cause all replicate analyses to be either high or low.  They may be constant. 

The determinate errors are further classified into four kinds depending upon their origin :

Instrumental errors  

These errors usually originate when faulty instruments are used. They arise from the 

environmental factors on the instrument. For 

example, weights in a chemical laboratory become 

unfit for accurate measurement due to rusting. They 

need periodic calibration. Therefore, measurements 

made with uncalibrated weights, burettes, pipettes, 

measuring flasks, balances with unequal arm lengths 

and balance with faulty graduation of the beam are 

associated with errors. Measuring devices powered 

by electricity are commonly subject to determinate 

ases in the voltage of 

battery operated power supplies with use, increased 

resistance in circuits because of dirty electrical 

contacts, vibration, and currents induced from 110-V 

power lines.  Again, these errors are usually 

detectable and correctable, most are unidirectional.  

tained and establish the probable limits of 

Unfortunately there exists no simple, generally applicable means by which quality of an 

, are classified into two 

Errors which can be determined (measured) and rectified under suitable conditions are 

called determinate errors. A determinate error is ordinarily unidirectional or biased, thatis, it 

constant.  

The determinate errors are further classified into four kinds depending upon their origin : 

e used. They arise from the 
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i) Methodic Errors : 

 
 The methodic errors arise due to the faulty method or procedure adopted for a 
measurement. These are the most serious of analytical errors. Such errors in gravimetric analysis 
are caused by incomplete reactions, side reactions, contamination of precipitate due to co-
precipitate or post precipitation, decomposition of precipitate during drying and dissolution of 
precipitate during washing. As an illustrative example, consider the precipitation of calcium as 
calcium oxalate in the presence of magnesium over the primary precipitate. It will cause an error 
in the gravimetric estimation of calcium. 
 
ii) Operative Errors 

 
    These errors are caused by the ignorance and carelessness of the analyst in handling the 
equipment. For such errors the analyst must be blamed but not the method adopted or the 
instrument used. 
     An ignorant or careless operator may commit mistake in one or more of the following ways: 

a) Lack of experience in using riders and in observing burette reading without parallax error. 
b) Spilling of the sample and incomplete drying of the precipitate. 
c) Weighing the crucible while hot and cooling it in a desciccator with a poor desiccant. 
d) Drying the precipitate at improper temperature  
e) Introducing foreign material to the sample due to carelessness such as not covering the 

sample container. 
f) Allowing hygrocopic material to absorb moisture before or during weighing. 

 

iii) Personal Errors 

 

      Personal or human errors arise due to the physical inability of the analyst or his wrong way 
of handling the instrument. These errors usually occur when the analyst acts as an observer rather 
than an operator. For instance an analyst having color blindness cannot observe color change at 
the end point. He adds always a little more titrant than actually needed and causes error in 
volumetric analysis. Some persons blow the pipette or warm the bulb of the pipette with the palm 
to remove the last drop of a liquid which collects at the tip of the liquid being transferred than the 
volume capacity of the pipette. Thus personal error is introduced. 

Indeterminate errors: 

 These errors are irregular or erratic occurrence. Therefore, indeterminate errors are 

otherwise known as random errors. The magnitudes of random errors are not measurable and 

their origin cannot be exactly traced out. However, environmental factors such as variation in 
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temperature due to climate change, voltage fluctuation and vibrations in the laboratory 

building due to road traffic may be probably the reasons for indeterminate errors. 

Indeterminate errors are revealed by small differences in successive measurements made by 

the same analyst under virtually identical conditions, and they cannot be predicted or 

estimated. Thus these are accidental errors. Which are observed in measurements but cannot 

be totally eliminated. 

 

 These accidental errors follow a random or normaldistribution; therefore, mathematical 

laws of probability can be applied.   

 The relative frequency and magnitude of indeterminate errors are described by the 

normal distribution or Gaussian curve or bell curve which is shown.  It is apparent that there 

should be very few large errors, many small errors, and, since the curve is symmetrical, there 

should be an equal number of positive and negative errors. 

 

 

 

Accuracy and Precision: 

Accuracy is defined as the concordance between the observed value and the true value. 

Accuracy refers to the closeness of a measured value to a standard or known value. For 

example, if in lab you obtain a weight measurement of 3.2 kg for a given substance, but the 

actual or known weight is 10 kg, then your measurement is not accurate. In this case, your 

measurement is not close to the known value.  

 

Precision is a measure of the closeness or degree of agreement between a series of 

parallel measurement of the same quantity. Precision is defined as a series of measurement of 

the same quantity or the closeness of individual measurement. 
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Accuracy expresses the correctness of a measurement and precision express the 

reproducibility of a measurement.  Precision refers to the closeness of two or more 

measurements to each other. Precision is independent of accuracy.  

 Whereas accuracy refers to how close a measured result is to the true value, precision 

refers to agreement (repeatability) among a group of experimental results; but says nothing 

about how close the results are to the true value. 

accurate and precise not accurate or preciseprecise but not accurate  

 

MINIMISATION OF ERRORS (improvement of accuracy) 

  

The causes for determinate errors are known and hence they can be minimized or even 

eliminated. There are several ways of minimization of errors or achieving accuracy in chemical 

analysis. A few methods are given below: 

 

1.Calibration of instruments: 

Instruments errors can be eliminated and accuracy of measurements is achieved by using 
periodically calibrated and analytical instruments like weights, burettes, pipettes etc. use of 
pure reagents may also reduce the magnitude of such errors. 

 
2.Taking care and precautions: 

                      Operative errors can be minimized to a large extent by making measurements 
with care and precautions. For example, it is advisable to wipe off the moisture the surface of 
the weighing bottle and to keep hot crucible inside a desiccator for sometime before 
weighing. 

 
3.Running a blank estimation: 

   Errors due to containminants are greatly reduced by running a blank estimation 

side by side with the primary estimation. The blank estimation is carred out with all the 

steps and reagents of the primary estimation but in the absence of the sample. The value of 
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obtained in the blank estimation is reduced from that of the primary estimation to get 

accuracy. 

 

4. Standard addition:  

     The accuracy of a measurements can be tested and controlled by adding a known 

amount of constituent to a sample which is to be analysedfor  the total amount of 

constituent present. The difference between the analytical results with and without the 

added constituent should give the amount of added component. This method is extensively 

used in the instrumental analysis to reduce methodic errors. 

 

5. Running a control experiment: 

 Analysis with a standard sample is carried out exactly in a similar manner as for the 

unknown sample. The results are compared and the weight of constituent in the unknown 

sample which is calculated using the relation 

 

6. Running a parallel experiment: 

 The precision of a measurement can be checked by performing a parallel or duplicate 

experiment.if the value differs widely from that of the primary experiment,the experiment 

may be repeated once again.However a good precision does not guarantee accuracy. 

 

7. Using  independent methods: 

 Accuracy can be best verified by estimating a sample using different techniques and 

comparing the results. forexample,sulphuric acid can be estimated by titration against a 

standard alkali. The accuracy of the measurement may be tested by determining the 

amount of sulphuric acid gravimetrically by precipitating as BaSo4. 

 

8. Applying corrections: 

 Re-reading an instrument after the results are recorded and application of correction for 

the thermal expansion of glass-wares and for the weight of precipitate unreacted or 

unignited are the common practices followed to avoid gross mistakes. 
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Calibration of weights 

 

The balance weights deteriorate over a long period of use in a chemical laboratory. This causes 

errors in the weights. for example, if a 10gm weight piece weights 10.01gm,a constant error of 

0.01gm is introduced in the measurement. Therefore, the balance weights should be calibrated 

at least once in a year for accurate weighings.  

 

SIGNIFICANT FIGURES AND COMPUTATION RULES 

The term significant figures refer to the number of important single digits (0 through 9 

inclusive) in the coefficient of an expression in scientific notation. The number of significant 

figures in an expression indicates the confidence or precision with which an engineer or 

scientist states a quantity. 

Rules for Significant Digits in Numbers 

 A mass of 4.56 g weighed to 3 sig figs on a top loader balance can be reported as 

4,560mg or 4,560,000µg, however, changing its units cannot affect its # of sig figs.  Scientists 

must follow conventions for unambiguously reporting and interpreting numerical data.  One 

method is to report all data in scientific notation which only list digits which are significant.   

 When common notation is used, the following rules for sig figs are followed.  Learn 

these rules for determining sig figs in common notation! 

1. Nonzero digits: 1, 2, 3, 4, 5, 6, 7, 8, and 9 are always significant. 

 

 6.2  two significant digits 

 16.2  three significant digits 

 16.25  four significant digits 

 

2. Leading zeros: zeros that appear at the start of a number, are never significant because they 

act only to fix the position of the decimal point in a number less than 1. 
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` 0.564 three significant digits 

 0.0564 three significant digits 

 

3. Confined zeros: that appear between nonzero numbers are always significant. 

 

 104  three significant digits 

 1004  four significant digits 

 

4. Trailing zeros: zeros at the end of a number are significant only if: 

   a) the number contains a decimal point or 

   b) the number contains an overbar 

 

 15400  three significant digits 

 1540.0  five significant digits 

 15.4000  six significant digits 

 5 600,   four significant digits 

 5 600,   three significant digits 

 

Practice: Determine the number of significant digits in the following numbers: 

 

a)  345      _______ 

b)  32000  _______ 

c)  0.0078 _______ 
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d)  9.0068 _______ 

e)  5.0200 _______ 

 

 

Rounding off Numbers 

 

If the digit following the last significant digit is greater than 5, the number is rounded up to the 

next higher digit: 

  9.47 to 2 significant digits = 9.5 

 

If the digit following the last significant digit is less than 5, the number is rounded to the 

present value of the last significant digit: 

  9.43 to 2 significant digits = 9.4 

 

If the last digit is exactly 5, the number is rounded to the nearest even digit: 

  8.65 to 2 significant digits = 8.6 

  8.75 to 2 significant digits = 8.8 

  8.55 to 2 significant digits = 8.6 
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Definition of Terms:    Mean and Median: 

Accuracy is the nearness of a result ( Xi) or the mean ( X  ) of a set of results to the true value (

µµµµ).  Accuracy is usually described in terms of absolute error, E, which is the difference between 

the measured and accepted value: 

E = (Xi- µ )   or   ( X  - µ ) 

The mean, arithmetic mean, andaverage ( X ) are synonymous terms for the numerical value 

obtained by dividing the sum of a set of replicate measurements by the number of individual 

results in the set: 

 

The mean of n results is n  times as reliable as any one of the individual results.  Thus there is 

a diminishing return for accumulating more and more replicate measurements.  The mean of 4 

results is twice as reliable as one result; the mean of 9 results is 3 times as reliable; the mean of 

25 results is 5 times as reliable, etc. 

The median (Md) of an odd number of results is simply the middle value when the results are 

listed in increasing or decreasing order; for an even number of results, the median is the 

average of the two middle results. In general, the mean is a better measure of the central value, 

but in certain cases, such as with a wide spread of a small set of results, the median may give 

better results.  

Relative Mean Deviation 

  

 It is the average or mean deviation by the mean. This may be expressed in 
terms of parts per hundred (percent) or parts per thousands(ppt). 
 

 Relative Mean Deviation=
Mean

DeviationMean 
x 100(percent) 

 

         =
Mean

DeviationMean 
x1000(ppt) 
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Standard deviation (σσσσ) is a more valid and useful measure of precision (absolute deviation).  

The standard deviation of an infinitely large set of experimental data is the square root of the 

average of the square of the individual deviations from the mean (µ): 

( )
σ

µ
=

−∑ X

N

i

2

,  whereN = # of results and approaches infinity. 

This equation is valid for N> 30 samples, but has limited use for everyday analytical analyses 

where typically only 2 to 10 replicates are analysed.  When the number of data is small, the 

standard deviation of the samples (s) rather than the standard deviation of an infinite 

population (σσσσ) is calculated using the following formula: 

( )
s

X X

N

i

=
−

−∑
2

1  

where the true population average (µ) is replaced by the sample mean ( X ) and the 

denominator changes to N-1 rather than N. 

 Individual results for a set of replicate measurements will seldom be identical and it is 

thus necessary to select a central, "best" value for the set. The central value of the set ought to 

be more reliable than any of the individual results and the variations among the results ought 

to provide some measure of reliability ofthe chosen "best" value. 

 Either of two quantities, the mean or the median may be chosen as the central value of 

a set of measurements. 

Advantages of standard deviation over mean deviation. 

1. Standard deviation is rigidly defined and its value is always define. 

2. It is mathematically sound as it takes into account of algebraic signs. Deviations, whether      

positive or negative, give positive values of standard deviation. 

3. It is possible for further algebric treatment. 

4. It is based on all the observation of the series. 

5. It is less affected by the fluctuations of sampling and more stable. 

6. It is the basis for measuring correlation coefficient, sampling and statistical inferences. 

7. It provides the unit of measurement for the normal distribution. 

Variance: the variance is the mean of the square of the differences of all values with the 
arithmetic mean. The variance (s2) is calculated using the formula: 
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Student's t-test. 

 

Student's' t Test is one of the most commonly used techniques for testing a hypothesis 

on the basis of a difference between sample means. Explained in layman's terms, the t test 

determines a probability that two populations are the same with respect to the variable tested.  

 

This is a test' used for small samples; its purpose is to compare the mean from a sample 

with some standard value and to express some level of confidence in the significance of the 

comparison. It is also used to test the difference between the means of two sets of data X1 and 

X2, The value of t is obtained from the equation: where µis the true value. 

s

nx
t

µ−
=  

It is then related to a set of t-tables in which the probability (P) of the t-value falling within 

certain limits is expressed, either as a percentage or as a function of unity, relative to the 

number of degrees of freedom.  

 

F-test. 

 

This is used to compare the precisions of two sets of data,2 for example, the results of 

two different analytical methods or the results from two different laboratories. It is calculated 

from the equation: 

 

2

2

b

a

S

S
F =  

The larger value of s is always used as the numerator so that the value of F is always greater 

than unity. The value obtained for F is then checked for its significance against values in the F-



272 

 

table calculated from an F-distribution corresponding to the numbers of degrees of freedom for 

the two sets of data. 

Comparison of Two Means 

 

 

In many cases, a researcher is interesting in gathering information about two 

populations in order to compare them. As in statistical inference for one population parameter, 

confidence intervals and tests of significance are useful statistical tools for the difference 

between two population parameters.  

Confidence Interval for the Difference Between Two Means 

 

A confidence interval for the difference between two means specifies a range of values 

within which the difference between the means of the two populations may lie. These intervals 

may be calculated by, for example, a producer who wishes to estimate the difference in mean 

daily output from two machines; a medical researcher who wishes to estimate the difference in 

mean response by patients who are receiving two different drugs; etc. The confidence interval 

for the difference between two means contains all the values of ( - ) (the difference 

between the two population means) which would not be rejected in the two-sided hypothesis 

test of  

H0: = against Ha: , i.e.  

H0: - = 0 against Ha: - 0.  

If the confidence interval includes 0 we can say that there is no significant difference between 
the means of the two populations, at a given level of confidence.  

Tests of Significance for Two Unknown Means and Known Standard Deviations 

Given samples from two normal populations of size n1 and n2 with unknown means and 

and known standard deviations and , the test statistic comparing the means is known as 

the two-sample z statistic 
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which has the standard normal distribution (N(0,1)).  

The null hypothesis always assumes that the means are equal, while the alternative hypothesis 
may be one-sided or two-sided.  

Tests of Significance for Two Unknown Means and Unknown Standard Deviations 

In general, the population standard deviations are not known, and are estimated by the 

calculated values s1 and s2. In this case, the test statistic is defined by the two-sample t statistic 

 

 

.  

Although the two-sample statistic does not exactly follow the t distribution (since two 

standard deviations are estimated in the statistic), conservative P-values may be obtained 

using the t(k) distribution where k represents the smaller of n1-1 and n2-1.  

The confidence interval for the difference in means - is given by  

 

wheret
*
 is the upper (1-C)/2 critical value for the t distribution with k degrees of freedom (with 

k equal to either the smaller of n1-1 and n1-2 or the calculated degrees of freedom). 

 

CORRELATION  

 

When using instrumental methods it is often necessary to carry out a calibration 

procedure by using a series of samples (standards) each having a known concentration of the 
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analyte to be determined. A calibration curve is constructed by measuring the instrumental 

signal for each standard and plotting this response against concentration. Provided the same 

experimental conditions are used for the measurement of the standards and for the test 

(unknown) sample, the concentration of the latter may be determined from the calibration 

curve by graphical interpolation. There are two statistical tests that should be applied to a 

calibration curve:  

(a) to ascertain if the graph is linear, or in the form of a curve 

(b) toevaiuate the best straight line (or curve) throughout the data points 

Correlation coefficient. 

In order to establish whether there is a linear relationship between two variables x, and 

y, the Pearson's correlation coefficient r is used. wheren is the number of data points. 

 

 

The value of r must lie between +1 and -1: the nearer it is to +1, or in the case of negative 

correlation to - 1, then the greater the probability that a definite linear relationship exists 

between the variables x and y. Values of r that tend towards zero indicate that x and y are not 

linearly related (they may be related in a non-linear fashion). Although the correlation 

coefficient r would easily be calculated with the aid of a modern calculator or computer 

package, the following example will show how the value of r can be obtained. 

Correlation quantifies the degree to which two variables are related. Correlation does 

not fit a line through the data points. You simply are computing a correlation coefficient (r) that 

tells you how much one variable tends to change when the other one does. When r is 0.0, there 

is no relationship. When r is positive, there is a trend that one variable goes up as the other one 

goes up. When r is negative, there is a trend that one variable goes up as the other one goes 

down. 

 

LINEAR REGRESSION 

 

Once a linear relationship has been shown to have a high probability by the value of the 

correlation coefficient (r), then the best straight line through the data points has to be 
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estimated. This can often be done by visual inspection of the calibration graph but in many 

cases it is far better practice to evaluate the best straight line by linear regression (the method 

of least squares). The equation of a straight line is  

y=ax+b 

where y, the dependent variable, is plotted as a result of 

changing x, the independent variable.  

 

To obtain the regression line 'y on x', the slope of the line 

(a) and the intercept on the y-axis (b) are given by the 

following equations. 

and b = y
-
- ax (8) where x is the mean of all values of x, and 

y
-
is the mean of al1 values of y, 
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Unit II 

Separation purification and Chromatographic and Electrophoretic methods 

2.1. Separation and Purification Techniques:  

Solvent extraction: When the solute (liquid or solid) is add to a heterogeneous system of two 

immiscible liquids (in both of which the solute is soluble), the solute distributes between the two 

liquids. This distribution is governed by Nernst distribution law 

The Nernst distribution law states that, at equilibrium, the ratio of the concentrations of a third 

component in two liquid phases is constant. The law may be expressed in the form 

 c1/c2 = k 

where c1 and c2 are the molar equilibrium concentrations of the third component in the first 

(organic) and second (aqueous) phase, respectively;  the constant k is the distribution coefficient, 

which is temperature dependent.  

Soxhlet Extraction 

�  When an organic substance is to be recovered from a soild, it is extracted by means of an 

organic solvent in which the impurities are insoluble. 

� Uses: Extraction of oils and fats from flowers and seeds and alkaloids from plants.  

Crystallization  

� Purification of solid organic compounds 

� The impure solid is dissolved in the minimum volume of a suitable solvent. 

� The hot solution is then allowed to cool undisturbed till crystallization is complete. 

� The crystals are then separated from the mother liquor by filtration and dried. 

Sublimation  

Some substances when heated, pass directly from the solid to the vapour state without melting. 

The vapours when cooled give back the solid substances.  This process is known as sublimation. 

Uses: Separation of volatile from non-volatile solid 

Limited to: Napthalene, camphor and benzoic acid 

Procedure: The impure substance is placed in a large beaker.  The beaker is covered with a 

watch glass. Heat is applied gently to the beaker, and the resulting vapours condense as crystals 

on the bottom surface of the watch glass. The watch glass can be removed and the crystals are 

collected.  
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Distillation 

 

� Employed for the purification of liquids from non-volatile impurities. 

�  The impure liquid is boiled in a flask and the vapours so formed are collected and 

condensed to give back the pure liquid in another vessel. 

� The non-volatile impurities are left behind the flask.  

� Liquids having boiling points lower than 110ºC, the water condenser is replaced by air 

condenser. 

� To prevent bumping, it is customary to put a few pieces of unglazed porcelain in the 

distillation flask. 

� While distilling a very volatile and inflammable liquid such as ether, the distillation flask 

heated on a water-bath and not on a wire gauze.  

Fractional Distillation 

A mixture of two or more volatile liquids can be separated by fractional distillation. 

When their boiling points differ by more than 40ºC, the operation can be carried with the help of 

simple distillation apparatus. 

The more volatile liquid passes over first and is collected in a receiver. When the temperature 

begins to rise for the second time, the receiver is disconnected and a new receiver is attached. 

Thus the distillate is collected in fractions and the process is termed as Fractional Distillation 

Steam Distillation 

� Substances that are insoluble in water and volatile in steam, can be purified by steam 

distillation. 

� The non-volatile impurities are left behind in the distillation flask.  

Applications 

�  Steam distillation is employed in industry for the recovery of various essential oils from 

plants and flowers. It is also used in the manufacture of aniline and turpentine oil. 

Column Chromatography 

Principle  

Principle of selective adsorption is used in column chromatography. It is known that the rate of 

adsorption varies with a given adsorbent for different materials.  
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In this method, the mixture to be separated is dissolved in a suitable solvent (generally non-polar 

solvents such as benzene, pet ether etc., since adsorption takes place more readily from such 

solvents) and allowed to pass through a tube containing the adsorbent (Aluminium oxide, Silica 

gel, activated charcoal etc.).  

Applications 

Column chromatography is used  

• To separate isomers such as α-carotene and β-carotene.  

• To separate keto and enoltautomers 

Thin layer Chromatography (TLC)  

• Principle: It is based on the principle of selective adsorption of the components of a 

sample on the surface of the stationary phase.  

• A thin layer of solid (eg. Silica gel) deposited on a glass plate called chromplate (or) 

chromoplate serves as the stationary phase.  

• When a solution containing different solutes is allowed to pass through the chromplate, 

they get separated and collected as distinct spots across the length of the chromplate.  

In the case of colorless substances, the spots are located using suitable detecting agent like Iodine 

Evaluation of the chromatogram: 

• After detecting the separated solutes on the plate and marking their positions, their 

evaluation may be either qualitative (or) quantitative.  

• Under a given set of conditions (adsorbent, solvent, and layer thickness) the rate of 

movement of a compound with respect to the rate of movement of the solvent front is a 

characteristic property of the compound.  

This property, represented by the symbol Rf(Retention Factor), is obtained by dividing the 

distance travelled by the substance by the distance travelled by the solvent from the original spot. 

Paper Chromatography 

Principle: 

This technique is a type of partition chromatography in which the substances are distributed 

between two liquids (ie.) one is the stationary liquid (usually water) which is held in the fibres of 

the paper and called the stationary phase; the other is the moving liquid or developing solvent 

and called the moving phase. The components of the mixture to be separated migrated at 

different rates and appear as spots at different points on the paper.  
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Applications: 

• Compounds may be identified by comparison of their Rf values. Rf values are more 

reproducible with paper chromatography than TLC.  

• Method is very simple.  

Gas Chromatography (GC) 

• Gas chromatography is quite similar to column chromatography in which the mobile 

phase is a gas.  

• The stationary phase may be a solid (or) a liquid bound on a solid.  

• The former is called gas solid chromatography (GSC) and the latter is termed gas liquid 

chromatography (GLC). 

Principle 

• In GLC, the components of the mixture are distributed between the gas phase and a liquid 

coated as a thin film on a column of porous solid.  

• Here, separation takes place due to difference in solubility (ie.) different partition 

coefficients of the components.  

• An inert gas like helium (or) nitrogen is used to transport the sample into the column.  

Ion exchange chromatography (or ion chromatography) is a process that allows the 

separation of ions and polar molecules based on their affinity to ion exchangers. 

• The principle of separation is thus by reversible exchange of ions between the target ions 

present in the sample solution to the ions present on ion exchangers. 

• Applications of Ion-exchange chromatography 

• Protein Purification - Ion-exchange chromatography is a versatile, high resolution 

chromatography techniques to purify the protein from a complex mixture.  

• Protein-DNA interaction-Ion-exchange column is used as a tool to study interaction 

between DNA and a particular protein. DNA is negatively charged and has strong affinity 

towards anion exchange chromatography.  

High-Performance Liquid Chromatography (HPLC) 

Principle: 

• High performance liquid chromatography or commonly known as HPLC is an analytical 

technique used to separate, identify or quantify each component in a mixture. 
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• The mixture is separated using the basic principle of column chromatography and then 

identified and quantified by spectroscopy.  

Applications of High-Performance Liquid Chromatography (HPLC) 

• The HPLC has developed into a universally applicable method so that it finds its use in 

almost all areas of chemistry, biochemistry, and pharmacy. 

• Analysis of drugs 

• Analysis of synthetic polymers 

• Analysis of pollutants in environmental analytics 

• Determination of drugs in biological matrices 

• Isolation of valuable products 

 

Electrophoresis  

• Electrophoresis is the movement of charged particles through an electrolyte when 

subjected to an electric Field 

• The isoelectric point (IEP) is the pH at which a molecule or surface carries no net 

electrical charge or is electrically neutral. 

Factors affecting Electrophoresis 

• The rate of migration of a solute in an electric field depends on the following factors- 

• 1) Net charge on the particle 

• 2) Mass and shape of the particles 

• 3) pH of the medium 

Electrophoretic Mobility 

• Electrophoretic mobility is defined as the rate of migration (cm/sec) per unit field 

strength (Volts/cm) 

• µ=Q/6πrη 

Paper Electrophoresis 

• The support medium is a filter paper 

•  Frequently used in isolating proteins, amino acids and oligopeptides. 

Procedure- 

1) A long strip of filter paper is moistened with a suitable buffer solution of the desired pH and 

the sample is applied transversely across the central part of the strip 
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2) Ends are fixed to dip in buffer solutions in two troughs fitted with electrodes 

Gel Electrophoresis 

• The term "gel" in this instance refers to the matrix used to contain, and then separate the target 

molecules 

• In most cases the gel is a cross linked polymer whose composition and porosity is chosen based 

on the specific 

weight and composition of the target to be analyzed. 

• A gel block made of Polyacrylamide, Agarose or substituted starch gel is used in this method as 

the solid support 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 



 

 

 

 

 

Colorimetry and spectrophotometry:

1.1.Theory of colorimetry and spectrophotometry

limitations. Standard series method
1.2.Reagents, solutions and experimental procedure for the estimation of iron, lead nickel 

and tin. 
1.3Basic principles of spectro

for the estimation of aluminium, cadmium, calcium and zinc.
 

What is colorimetry? 

In physical and analytical chemistry, 

determine the concentration of colored compounds in 

solution."  The concentration of a sample can be 

calculated from the intensity of light before and after it 

passes through the sample. 

 

1.1.THEORY OF COLORIMETRYAND 

SPECTROPHOTOMETRY
 

 

When light (monochromatic or heterogeneous) falls 

upon a homogeneousmedium, a portion of the incident light is reflected, a portion is absorbed 

withinthe medium, and the remainder is transmitted. If the intensity of the incidentlight is 

expressed by I0, that of the absorbed light by I

reflected light by Ir, then: 

 

The two separate laws governing absorption are usuallyknown as Lambert's Law and 

Beer's Law. In the combined form they arerefer

Lambert's Law 

When a beam of monochromatic radiation passes through a homogeneous absorbing 

medium the rate of decrease in intensity 

is proportional to the intensity of the light. 
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Unit III 

Colorimetry and spectrophotometry: 

of colorimetry and spectrophotometry: Beer – Lambert’s law and its 
tations. Standard series method and balancing methods. 

1.2.Reagents, solutions and experimental procedure for the estimation of iron, lead nickel 

1.3Basic principles of spectrofluorimetry.Reagents, solutions and experimental procedure 
for the estimation of aluminium, cadmium, calcium and zinc. 

In physical and analytical chemistry, colorimetry is a technique "used to 

determine the concentration of colored compounds in 

solution."  The concentration of a sample can be 

calculated from the intensity of light before and after it 

THEORY OF COLORIMETRYAND 

SPECTROPHOTOMETRY 

When light (monochromatic or heterogeneous) falls 

upon a homogeneousmedium, a portion of the incident light is reflected, a portion is absorbed 

withinthe medium, and the remainder is transmitted. If the intensity of the incidentlight is 

that of the absorbed light by Iathat of the transmittedlight by 

I0= Ia+It + Ir 

The two separate laws governing absorption are usuallyknown as Lambert's Law and 

Beer's Law. In the combined form they arereferred to as the Beer-Lambert Law. 

When a beam of monochromatic radiation passes through a homogeneous absorbing 

decrease in intensity of the radiation with the thickness of absorbing

is proportional to the intensity of the light.  

Lambert’s law and its 

1.2.Reagents, solutions and experimental procedure for the estimation of iron, lead nickel 

fluorimetry.Reagents, solutions and experimental procedure 

is a technique "used to 

upon a homogeneousmedium, a portion of the incident light is reflected, a portion is absorbed 

withinthe medium, and the remainder is transmitted. If the intensity of the incidentlight is 

that of the transmittedlight by It and that of the 

The two separate laws governing absorption are usuallyknown as Lambert's Law and 

 

When a beam of monochromatic radiation passes through a homogeneous absorbing 

absorbing medium 
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Mathematically  

-
12
13 = 45                                       …………………………  1 

I= intensity of the incident light of wavelength λ, 

6 = thicknessof the medium, k= absorption coefficient 

7 12
2

2
89 = − 7 4. :;<

9                       …………………………   2 

  ln
8

89 = - kx…………………………   3 

2
2= = >
?<                                  …………………………  4 

  I= I0e- kx…………………………  5 

By changing from natural tocommon logarithms we obtain: 

K = k/2.3026  

I= I010- kx…………………………  6 

Beer's Law 

When a beam of monochromatic radiation is passed through a solution of an absorbing 

medium the rate of decrease of intensity of radiation with thickness of the absorbing medium is 

proportional to the incident radiation as well as the concentration of the solution. 

-
12
13 =k

' 
Ic…………………………  7 

wherec is the concentration of the solution in moles per lit 

k’ = molar absorption coefficient 

I0 be the intensity of radiation before entering the absorbing solution.  

Integrate the above eqn between the same limits at the constant concentration.  

7 12
2

2
89  = - 7 4@c dx<D<

ED9 …………………………  8 

 

ln
8

89 = - 4 ′c x…………………………  9 

8
89 = e-k' c x…………………………  10 

I= I0 e-k' c x…………………………  11 
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By changing from natural tocommon logarithms we obtain: 

K’ = k’/2.3026  

 I= I0 10-k' c x………………………… 12 

log
89
2  = acx       where  a= molar 

absorption coefficient 

1.2  Transmittance and 

Absorbance 

Transmittance (T) is defined as the fraction of incident light which is transmitted, 

ie, passes through, a sample. Thus, T = I/Io, where Io equals the intensity of light which 

strikes the sample and I is the intensity of light after passing through the sample. 

Transmittance is usually expressed as a percentage: 

%T = (I/Io) x 100 

Absorbance (A), or optical density, is a logarithmic function of T and is expressed as: 

A = log10 (1/T) = log10 (Io/I) 

A = log

10I0/ I 

A = log

10 1 / T 

A = log

10 100 / %T 

(Relationship between Absorbance and Transmittance)     A = 2 - log10 %T  
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Note that absorbance has no units. So, for example, at 100% transmittance, A = log 1.0 = 

0. At 50% transmittance, A = log (1/0.5) = 0.30. Your Spec 

20 has two scales, one calibrated from 0 to 100% 

Transmittance and the other as Absorbance, ranging from 

infinity to 0. Note that the highest calibrated unit of 

absorbance is 2.0.  

 Beer's Law states that the intensity of transmitted 

light decreases exponentially as the concentration of the 

absorbing substance increases 

 
1.3 Limitations of the Beer-Lamberts law 

 Under ideal conditions absorbance versus concentration plot is a straight line 

passing through the origin. However, under real situations a curvature in the plot is 

observed beyond a particular concentration. The curvature can be both positive and 

negative depending on the nature of absorbing species and experimental conditions. 

1.3.1 Limitations due to the Law 

 Beer – Lambert’s law generally behaves ideally for concentrations below a critical 

limit. For most absorbing molecules non-linear behavior is observed at concentrations 

above 10mM. However, some absorbing molecules such as methylene blue tend to 

exhibit deviations from linearity at concentrations as low as 10 µM. Solute – solvent 

interactions at higher concentrations and even hydrogen bonding are responsible for such 

deviations. 

1.3.2 Chemical factors 

Change in pH 

 Some absorbing molecules undergo change in colour with change in pH of the 

solvent medium. An example is Phenol red which changes colour from yellow in acidic 

media to red in basic media due to internal migration of proton accompanied by a switch 

between a single and an adjacent double bond. 



 

 Another example is aqueous solution of potassium dichromate which changes 

from yellow to orange on increasing the concentration of hydrogen ions due to ch

– dichromate conversion 

    Chromate 

(Yellow) 

1.3.4 Complexation , Dissociation or Association

 Complex formation due to association can result in colour changes 

concentration changes. An example is cobalt chloride which changes colour from green 

to blue due to association 

The degree of association increases with increase in concentration

1.3.5 Instrumental factors 

Wavelength selection 

Beer- Lambert’s law holds true strictly for single wavelength light. However, due 

to inefficiencies of monochromator a range of wavelengths gets isolated. In addition stray 

light also results from internal reflections from optical comp

lenses and optical windows. Absorption resulting from stray light contributions will show 

deviations from the Beer- Lambert’s law.

Mismatch of solution and cells

 Sample and reference blank solutions composition variations or optic

of windows of cuvettes will result in deviations from Beer

To minimize the deviations the following precautions should be taken 

• Always use optically matched pair of measuring cells

• The concentration of analyte should be below t

plot. 

• pH should be maintained at specified value for both blank and sample solutions

• The composition of blank and sample solution should match as closely as possible
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Another example is aqueous solution of potassium dichromate which changes 

from yellow to orange on increasing the concentration of hydrogen ions due to ch

 

Chromate                             Dichromate  

(Yellow)                                 (Orange) 

Complexation , Dissociation or Association 

Complex formation due to association can result in colour changes 

concentration changes. An example is cobalt chloride which changes colour from green 

2CoCl2 Co(CoCl4) 

(Pink)              (Blue) 

The degree of association increases with increase in concentration 

Lambert’s law holds true strictly for single wavelength light. However, due 

to inefficiencies of monochromator a range of wavelengths gets isolated. In addition stray 

light also results from internal reflections from optical components such as gratings, 

lenses and optical windows. Absorption resulting from stray light contributions will show 

Lambert’s law. 

Mismatch of solution and cells 

Sample and reference blank solutions composition variations or optic

of windows of cuvettes will result in deviations from Beer- Lambert’s law.

To minimize the deviations the following precautions should be taken 

Always use optically matched pair of measuring cells 

The concentration of analyte should be below the linear range of Beer 

pH should be maintained at specified value for both blank and sample solutions

The composition of blank and sample solution should match as closely as possible

Another example is aqueous solution of potassium dichromate which changes 

from yellow to orange on increasing the concentration of hydrogen ions due to chromate 

Complex formation due to association can result in colour changes with 

concentration changes. An example is cobalt chloride which changes colour from green 

Lambert’s law holds true strictly for single wavelength light. However, due 

to inefficiencies of monochromator a range of wavelengths gets isolated. In addition stray 

onents such as gratings, 

lenses and optical windows. Absorption resulting from stray light contributions will show 

Sample and reference blank solutions composition variations or optical mismatch 

Lambert’s law. 

To minimize the deviations the following precautions should be taken  

he linear range of Beer -Lambert’s 

pH should be maintained at specified value for both blank and sample solutions 

The composition of blank and sample solution should match as closely as possible 
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1.4 COLORIMETER INSTRUMENTATION  

There are 5 essential parts in a calorimeter…… 

1) Light Source – The most common source of light used in colorimeter is a 
tungsten filament. 

2) Monochromator – To select the particular wavelength filter or monochromators 

are used to split the light from light source. 

 

3) Sample holder – Test tube or Cuvettes are used to hold the color solutions they 

are made up of Glass at the visible wavelength. 

4) Photo Detector System – when light falls on the detector system, an electric 

current is generated, this reflects the Galvanometer reading. 

5) Measuring device – The current from the detector is fed to the measuring 

device, the Galvanometer, shows the meter reading that is directly proportional to the 

intensity of light. 

1.5 Criteria for satisfactory colorimetric estimations 

1) Specificity of the colour reaction. Very few reactions are specific for a particular 

substance, but many give colours for a small group of related substances only, i.e. they 
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are selective. By utilising such devices as the introduction of other complex-forming 

compounds, by altering the oxidation States, and control of pH, close approximation to 

specificity may often be obtained.  

 

2. Proportionality between colour and concentration. For visual colorimeters it is 

important that the colour intensity should increase linearly with the concentration of the 

substance to be determined. It can be easily accessed by plotting absorbance Vs 

concentration, where a straight line passing through origin should be obtained. 

 

3. Stability of the colour. The colour produced should be sufficiently stable topermit an 

accurate reading to be taken. This applies also to those reactionsin which colours tend to 

reach a maximum after a time: the period ofmaximum colour must be long enough for 

precise measurements to be made. 

 

4. Reproducibility. The colorimetric procedure must give reproducible resultsunder 

specific experimental conditions. The reaction need not necessarilyrepresent a 

stoichiometrically quantitative chemical change. 

 

5. Clarity of the solution. The solution must be free from precipitate ifcomparison is to 

be made with a clear standard. Turbidity scatters as wellas absorbing the light. 

 

6. High sensitivity. It is desirable, particularly when minute amounts ofsubstances are to 

be determined, that the colour reaction be highly sensitive. 

 

1.6 Colorimetric determination of concentration by Standard series method 

The simplest way of determining the concentration of a colored solute is to match 

its color intensity to that of a standard of known concentration at constant path length b 

and initial intensity I0. If we apply equation 1 separately to both the solution of unknown 

concentration (u) and the standard solution (s) and subtract one from the other to cancel 

out I0 and obtain the logarithm of Iu/Is, we get the following result  

log
2F
2G  = ax∆H 
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When the intensities of the unknown and standard are equal, or Iu/Is = 1 and thus 

log(Iu/Is) = 0, then equation 2 reduces to: 

0 = ax∆H       and hence to:  0 = "c or cu = cs 

The simplest method of applying this result is to prepare a series of standard 

solutions, each differing from the next by some finite concentration increment, and then 

compare their colors to that of the solution of unknown concentration. Sometimes an 

exact match is not available prepare substandard solutions in between that range. The 

necessary comparisons are usually made by looking down tall vertical tubes of equal 

cross-section with optically flat bottoms that contain samples of equal depth or path 

length. 

The disadvantage of this method is that the spectral absorption curves of the test 

solutions and of the sub-standard glasses or solutions may be far from identical; the error 

due to this cause is greatly magnified in the case of observers suffering from partial 

colour blindness 

.
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1.7Colorimetric determination of 

concentration by Balancing method 

One type of visual colorimeter is 

the Dubosq, which consists essentially of 

two glass containers each of which 

contains a solid glass plunger, capable of 

being raised or lowered. Light from an 

even source of illumination concealed at 

the base of the instrument passes through 

the two solutions to be tested and through 

the plungers. Some of the light is absorbed 

in passing through the solutions, the 

amount of absorption being dependent 

upon the concentration and the depth of the solution. The two beams of light are brought 

to a common axis by a prism system, which is focused onto an eyepiece.  

 On looking through the eyepiece, a wide circular field is visible, light from 

one cup illuminating one half and light from the second cup illuminating the other half of 

the field. The depth of solution may be varied by raising or lowering the plungers (or 

cups) until the two sides of the field are evenly illuminated or matched, i.e. until the 

dividing line practically disappears. The depth of the solution through which the light 

passes to the plunger is then read on the vernier scale attached to the plungers or cups. It 

is usual to set either the test or standard at one particular vernier reading and then raise or 

lower the other plunger or cup until identical illumination is reached. When this condition 

is achieved the first law of colorimetry is obeyed.  
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The concentration in one of the tubes being known, that in the other may be 

calculated from the respective lengths of the two columns of liquid and the relation  

c1l1 = c2l2 
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1.8 Estimation of iron by colorimetric method (1, 10- phenanthroline) 

Aim 

 To estimate the amount of Iron present in the given sample by spectrophotometric 

method 

Principle 

 The absorbance of various solutions with known concentrations of iron (bound in a 

coloredironphenanthroline complex) was measured to determine a calibration curve. The absorbance 

of an unknown was then determined both quantitatively (with a spectrometer) and qualitatively 

(bysight comparison) to assess the amount of iron in the unknown. The relationship that 

linksabsorbance with concentration and path length is given by BeerLambert’s law: 

 A = Ecl 

 Where, A = absorbance of the sample 

 E= extinction coefficient 

 c = concentration 

 l = pathlength of sample 

 Iron is brought into solution, reduced to the ferrous state by boiling with acid 

andhydroxylamine, and treated with 1, 10 phenanthroline at pH 3.2 to 3.3. Three molecules 

of phenanthroline chelate each atom of ferrous iron to form an orangered complex. Use 510 

nm,providing a light path of 1 cm or longer.The coloured solution obeys Beer's law; its intensity is 

independent of pH from 3 to 9. A pHbetween 2.9 and 3.5 insures rapid colour development in the 

presence of an excess of phenanthroline.  

4 Fe3+
(aq)+ NH2OH(aq) 4Fe2+(aq)+ N2O(aq)+ 4H+

(aq)+ H2O(l) 
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N N

Phenanthroine

colorlesscolorless

Fe2+ + n

N N

iron phenanthroine 
complex

2+

n

where n = the number of phenanthroline
molecules reacting with the iron (II)

reddish orange color

Fe

 
 

 

 

 

Reagents  
1) 1,10-phenanthroline (0.1 g of 1,10-phenanthroline monohydrate in 100 mL of 

distilled water, warming to effect solution if necessary).  

2) Hydroxylamine hydrochloride (10 g in 100 mL of distilled water).  

3) Sodium acetate (10 g in 100 mL of distilled water).  

4) Weigh accurately about 0.07 g of pure ferrous ammonium sulfate hexahydrate, 

dissolve it in water, and transfer the solution to a 1-liter volumetric flask. Add 2.5 

mL of concentrated sulfuric acid and dilute the solution to the mark. Calculate the 

concentration of the solution in mg of iron per mL. 

5) Prepare the unknown sample as follows. Add about 0.12 g of the solid unknown 

and approximately 0.25 mL concentrated sulfuric acid into a 100 mL volumetric 

flask and dilute to the mark. Now transfer a 1 mL aliquot of this solution to 

another 100 mL volumetric flask do not dilute yet. This will be referred to as the 

"prepared unknown". 

Preparation of Standard Iron Solutions and Calibration Curve 
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1) Using a burette, transfer 1, 5, 10, 25, 50 mL of the stock iron solution into 

separate 100-mL volumetric flasks. Fill each flask about half full with deionized 

or distilled water.  

2. Using a graduated cylinder, add 10.0 mL of the sodium acetate buffer to each 

flask.  

3. Using a pipette or a graduated cylinder, measure and add 2.0 mL of the 

hydroxylamine hydrochloride solution to each flask and mix.  

4. Add 5.0 mL of the 1,10-phenanthroline solution to each flask. Fill each flask to 

the 100-mL mark with distilled or deionized water and mix. Calculate the 

concentration of iron in mg/100mL.  

5) To prepare a blank, add 10.0 mL of buffer, 2.0 mL of hydroxylamine 

hydrochloride solution, and 5.0 mL of 1,10-phenanthroline solution to a 100-mL 

flask. Dilute to the mark with distilled or deionized water and mix. It is the blank 

solution. 

6) Transfer portions of the solutions to the cuvette. Using the blank solution set 

zero in the instrument at a wavelength of 508 nm. Take readings for each of the 

standard solutions.  

Draw a calibration curve of Absorbance vs. Concentration from the standard iron 

solutions.   

 

 

Analysis of Unknown 

1. Obtain 50.0 mL of an unknown iron solution or a sample of tap water. Place in a 

100 mL volumetric flask and treat as above (steps 2 through 6) 

2. Read the absorbance.  

3. Locate the absorbance of the unknown solution on the calibration curve and 

determine the concentration of iron in that solution.  

 



 

  
1.9 Estimation of iron by colorimetric method (thiocyanate method

Aim 

 To estimate the amount of Iron 

method 

Principle  

 Iron (III) reacts with thiocyanate to give a series of intensely red

compounds. Iron(II) does not react. Depending upon the thiocyanate concentration, a 

series of complexes can be obtained; these complexes are red and can be formulated as 

[Fe(SCN)n]3-n, where n = 1,. . . ,6. At low thiocyanate concentration the predominant 

colored species is [Fe(SCN)]2+

Fe3+
(aq) 

[Fe(H2O)6]
3+

(aq) + SCN

at 0.1M thiocyanate concentration it is largely [Fe(SCN)

concentration it is [Fe(SCN)
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stimation of iron by colorimetric method (thiocyanate method

To estimate the amount of Iron present in the given sample by spectrophotometric 

Iron (III) reacts with thiocyanate to give a series of intensely red

compounds. Iron(II) does not react. Depending upon the thiocyanate concentration, a 

be obtained; these complexes are red and can be formulated as 

, where n = 1,. . . ,6. At low thiocyanate concentration the predominant 
2+ 

(aq) + SCN−
(aq)                    [FeSCN]2+

(aq) 

+ SCN−
(aq)                       [Fe(H2O)5SCN]2+

(aq) + H

 

at 0.1M thiocyanate concentration it is largely [Fe(SCN)2]
+, and at very high thiocyanate 

concentration it is [Fe(SCN)6]
3-. In the colorimetric determination a large excess of 

 

stimation of iron by colorimetric method (thiocyanate method) 

present in the given sample by spectrophotometric 

Iron (III) reacts with thiocyanate to give a series of intensely red-coloured 

compounds. Iron(II) does not react. Depending upon the thiocyanate concentration, a 

be obtained; these complexes are red and can be formulated as 

, where n = 1,. . . ,6. At low thiocyanate concentration the predominant 

+ H2O (l) 

, and at very high thiocyanate 

. In the colorimetric determination a large excess of 
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thiocyanate should be used, since this increases the intensity and also the stability of the 

colour. Strong acids (hydrochloric or nitric acid - concentration 0.05-0.5 M) should be 

present to suppress the hydrolysis. 

Fe3+ + 3 H2O ⇌Fe(OH)3 + 3H+ 

 Sulphuric acid is not recommended, because sulphate ions have a certain 

tendency to form complexes with iron(II1) ions. Mercury(1) and tin(I1) salts, if present, 

should be converted into the mercury(I1) and tin(1V) salts, otherwise the obtained colour 

is destroyed. Phosphates, arsenates, fluorides, oxalates, and tartrates interfere, since they 

form fairly stable complexes with iron(II1) ions.  

 When large quantities of interfering substances are present, it is usually best 

to proceed in either of the following ways: (1) remove the iron by precipitation with a 

slight excess of ammonia solution, and dissolve the precipitate in dilute hydrochloric 

acid; (2) extract the 'iron(II1) thiocyanate' three times either with pure diethyl ether or, 

better, with a mixture of pentan-1-01 and pure diethyl ether (5: 2) and employ the organic 

layer for the colour comparison. 

Reagents: To Prepare the following solutions. 

1. Dissolve 1.70g of FeCl3 in 99 ml of distilled water. Mix well and label 1% iron 

2. Prepare a serial dilution in steps of 10 fold dilutions by using a pipette to measure 

10 ml and add that to 90 ml of distilled water. Prepare concentrations of 0.1%. 

0.01%, 0.001%, 0.0001%, 0.00001%, and 0.000001% of the original.  

3. Add 5 ml of the above standard solution to a separate small test tube followed by 5 

ml of 0.1M KSCN solution, mix well. 

Estimation of Iron in unknown sample 

4. Determine the mass of raisin or other high iron food (Iron sample) about 2 g. 

5. Heat strongly in an evaporating dish or crucible until a gray ash remains.  

6. After cooling add 5 ml of distilled water to the ash and stir well. 

7. Filter and transfer the filtrate to another test tube of the same size as the standards. 



 

8. Add 5 ml of 0.1M KSCN s

9. Measure the absorbance of the standards and unknowns at 45

spectrophotometer.. 

10. Plot a graph of absorbance (

thiocyanate) (x axis) for the above stand

Determine the concentration of this solution by comparison with values on a reference 
curve obtained from the different concentrations of the standard iron solution.

 
1.10 Estimation of Lead by spectrophotometric method 

 

Aim 

 To estimate the amount of Lead present in the given sample by spectrophotometric 

method 

Principle  
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Add 5 ml of 0.1M KSCN solution and compare the color to the standards.

the absorbance of the standards and unknowns at 45

Plot a graph of absorbance (y axis) against thiocyanate concentration (in ppm 

axis) for the above standard Fe solutions.  

Determine the concentration of this solution by comparison with values on a reference 
different concentrations of the standard iron solution.

Estimation of Lead by spectrophotometric method  

the amount of Lead present in the given sample by spectrophotometric 

olution and compare the color to the standards. 

the absorbance of the standards and unknowns at 458 nm using 

axis) against thiocyanate concentration (in ppm 

Determine the concentration of this solution by comparison with values on a reference 
different concentrations of the standard iron solution. 

 

the amount of Lead present in the given sample by spectrophotometric 



 

For the determination of small amounts of lead (0.005

of the fact that when a sulphide is added to a solution containing lead 

colour, due to the formation of colloidal lead sulphide, is produced. 

Diphenylthiocarbazone (dithizone) is one of the most widely used photometric 

reagents and forms colored water 

metal ions. Metal–dithizone complexes are water insoluble and thus their 

determination requires a prior solvent extraction step into chloroform or carbon 

tetrachloride followed by spectrophotometric measurements.

 

 

Reagents: 

Standard lead solution: Dissolve 0.160 g of an

distilled water; 10.0 mL of this solution, diluted to 250 mL gives a working solution 

containing 4 pg of lead mL-1. 

Dithizone reagent: Dissolve 5 mg of the solid in 100 mL of chloroform

Ammonia-cyanide-sulphite solution: 

ammonia solution and 3.0 mL of 10% potassium cyanide solution to 100 mL and adding 

0.15 g of sodium sulphite. 
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For the determination of small amounts of lead (0.005-0.25 mg) advantage is taken 

of the fact that when a sulphide is added to a solution containing lead 

colour, due to the formation of colloidal lead sulphide, is produced. 

Diphenylthiocarbazone (dithizone) is one of the most widely used photometric 

reagents and forms colored water – insoluble complexes with a larger number of 

dithizone complexes are water insoluble and thus their 

determination requires a prior solvent extraction step into chloroform or carbon 

tetrachloride followed by spectrophotometric measurements. 

Dissolve 0.160 g of analytical grade lead nitrate in 1 L of 

distilled water; 10.0 mL of this solution, diluted to 250 mL gives a working solution 

 

Dissolve 5 mg of the solid in 100 mL of chloroform 

sulphite solution: Prepare by diluting 35 mL of concentrated 

ammonia solution and 3.0 mL of 10% potassium cyanide solution to 100 mL and adding 

0.25 mg) advantage is taken 

of the fact that when a sulphide is added to a solution containing lead ions a brown 

colour, due to the formation of colloidal lead sulphide, is produced. 1, 5-

Diphenylthiocarbazone (dithizone) is one of the most widely used photometric 

insoluble complexes with a larger number of 

dithizone complexes are water insoluble and thus their 

determination requires a prior solvent extraction step into chloroform or carbon 

 

alytical grade lead nitrate in 1 L of 

distilled water; 10.0 mL of this solution, diluted to 250 mL gives a working solution 

Prepare by diluting 35 mL of concentrated 

ammonia solution and 3.0 mL of 10% potassium cyanide solution to 100 mL and adding 
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Procedure: 
 Place 10.0 mL of the working lead solution in a 250 mL separating funnel, add 75 

mL of ammonia-cyanide-sulphite solution and then by the cautious addition of dilute 

hydrochloric acid adjust the pH of the solution to 9.5 (pH-meter). This operation must be 

carried out slowly: if the pH of the solution falls even temporarily below 9.5, HCN may 

be liberated. Now add 7.5 mL of the dithizone reagent to the separating funnel, followed 

by 17.5 mL of chloroform. Shake well for 1 minute, allow the layers to separate, then 

remove the chloroform layer. Measure the absorbance of this against a blank solution, 

using a 1 cm cell and a wavelength of 510 nm (green filter). 

 

 

1.11 Spectrophotometric determination of nickel using DMG (dimethylglyoxime) 

Aim 

 To estimate the amount of Nickel present in the given sample by spectrophotometric 

method 

Principle  

 Dimethylglyoxime (DMG) forms a red coloured complex when treated with an 

alkaline solution of nickel in presence of an oxidising agent such as bromine. The red 

complex of Ni-DMG contains nickel in higher oxidation state (probably (III) and also 

(IV)). The complex absorbs at about 445 nm. The intensity of colour varies with time and 

hence it is necessary to measure the absorbance after a fixed time within 10 minutes of 

mixing.  
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Ni2+   + 2

N

N

OH

OH

+ 2 OH-

-2H2O

N

N

O

O

N

N

O

O

H

Ni

H

 

Reagents 

i) Standard nickel (II) solution: Prepared by dissolving 0.673 g of pure ammonium 

nickel (II) sulphate (NH4)2SO4.NiSO4.6H2O, in water and diluting to 1mL. (1 mL of this 

solution contains 0.1 mg of Ni and 10.0 mL of this solution can be diluted to 100 mL to 

obtain a solution of 0.01 mg of Ni per mL, i.e. 10 µg /mL or 10 ppm solution) 

ii) Dimethylglyoxime solution (1%): It is prepared by dissolving 1 g of 

dimethylglyoxime in 100 mL of 95 % ethanol. 

iii)Saturated bromine water: It is prepared by carefully adding liquid bromine in a 

stoppered bottle containing distilled water. The red coloured bromine is readily soluble in 

water. The addition of bromine is continued till a little excess of bromine remains 

undissolved.  

Procedure  

 Follow the steps given below in sequential order to perform the experiment.  

1) Place 1.0, 2.0, 3.0, 4.0, 5.0, 6.0, 8.0 and 10.0 mL respectively of the standard 10 ppm 

(10µg/mL)Ni solution in a series of 50 mL volumetric flasks labelled from Nos 1 to 8.  

2) In another 50 mL flask, labelled as ‘Sample’, take 10 mL of the unknown sample.  

3) Dilute the solution in each flask to about 15 mL by adding distilled water as detailed in 

Table 1.  

4) To another 100 mL standard flask, labelled as blank, add about 15 mL of distilled 

water to prepare the blank solution.  
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5) Add 3 mL of saturated bromine water solution in the flask no.8 containing 2 ppm 

standard solution. Mix and allow the solution to stand for about a minute. 

6) Add concentrated ammonia solution drop by drop to the above solution until the 

excess of bromine is destroyed. This is indicated by the disappearance of the brown 

colour of bromine. After that add ammonia in little excess. 

7) Add 1 mL of 1% DMG solution to the above solution. Mix, and make up to the 

volume to 50 mL with distilled water and mix again.  

8) Allow the solution to stand for 5 minutes to permit full development of colour.  

9) A portion of the solution is quickly transferred into the cuvette to measure the 

absorbance  at 445 nm 

10) Plot a graph of absorbance (y-axis) against concentration of nickel (in µg of Ni) (x-

axis) in the standard solutions. Determine the concentration of the given sample solution 

with the help of the calibration curve.  

 

S.NO 

Volume of 

the 

standard / 

sample 

solution  

mL 

Volume 

of the 

distilled 

water  

mL 

Concentration 

of Ni
2+ 

ions  

mL 

Volume 

of 

bromine 

water  

mL 

Volume of 

the DMG 

solution  

mL 

Absorbance 

at λmax 

1 1 14 0.2 3 1   

2 2 13 0.4 3 1   

3 3 12 0.6 3 1   

4 4 11 0.8 3 1   

5 5 10 1 3 1   

6 6 9 1.2 3 1   

7 8 7 1.6 3 1   

8 10 5 2 3 1   

Sample 10 5 ? 3 1   

 



 

 

Procedure (nickel in steel): 

 Dissolve 0.50 g, accurately weighed of the steel in 

expel oxides of nitrogen, cool, and makeup to 

and transfer 5 mL of the solution to a 

of 10 per cent citric acid solution, neutralise with concentrated ammonia solution and add a few 

drops in excess (pH >7.5). Add 2mL of a 

more if copper or cobalt is present). Extract with three 

30 seconds each time. Shake the combined chloroform extracts with 

solution (1:30) hake the ammonia washing with 

main chloroform extract. Return the nickel to the ionic state by shaking the chloroform extract 

vigorously for 1 minute with two 

hydrochloric acid solution to a 

saturated bromine water, followed by 
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g, accurately weighed of the steel in 10 mL of warm 1:1 nitric acid, boil to 

expel oxides of nitrogen, cool, and makeup to 250 mL with water in a graduated flask. Mix well, 

mL of the solution to a 50 mL graduated flask. To 5 mL of this solution add 

per cent citric acid solution, neutralise with concentrated ammonia solution and add a few 

Add 2mL of a 1 per cent dirnethylglyoxime solution in ethanol (or 

more if copper or cobalt is present). Extract with three 3 mL portions of chloroform, shaking for 

seconds each time. Shake the combined chloroform extracts with 6 mL of 

hake the ammonia washing with 2 mL of chloroform and add the  latter to the 

main chloroform extract. Return the nickel to the ionic state by shaking the chloroform extract 

minute with two 5 mL portions of 0.5 M hydrochloric acid. Transfer the 

hydrochloric acid solution to a 25 mL graduated flask, dilute to about 20 mL, add

saturated bromine water, followed by 2 mL of concentrated ammonia solution. Cool below 

 

nitric acid, boil to 

mL with water in a graduated flask. Mix well, 

mL of this solution add 5 mL 

per cent citric acid solution, neutralise with concentrated ammonia solution and add a few 

per cent dirnethylglyoxime solution in ethanol (or 

mL portions of chloroform, shaking for 

mL of 0.5M ammonia 

mL of chloroform and add the  latter to the 

main chloroform extract. Return the nickel to the ionic state by shaking the chloroform extract 

loric acid. Transfer the 

mL, add1 mL of 

mL of concentrated ammonia solution. Cool below 30 
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OC if necessary, add 1 mL of 1 per cent dirnethylglyoxime solution, and dilute to volume. 

Measure the absorbance at 445 nm (blue filter) after 5 minutes.  
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SPECTROPHOTOMETRIC DETERMINATION OF TIN USING TOLUENE -3, 4 

DITHIOL 

Aim  

 To estimate the amount of tin present in the given sample by spectrophotometric method 

Principle 

In acid solution, toluene-3,4-dithiol (dithiol) forms a red compoundwhen warmed with 

tin(I1) salts. Tin(1V)also reacts, but more slowly than tin(I1); thioglycollic acid may be 

employedto reduce tin(1V) to tin(I1). The reagent is not stable, being easily reduced, andhence 

should be prepared as required. A dispersant is generally added to thesolution under test. 

 

Reagents: 

Dithiol reagent:Dissolve 0.1 g dithiol in 2.5 mL 5M sodium hydroxide solution. Add 0.5 mL 

thioglycollic acid, and dilute to 50 mL with water.  

Dispersant solution:Prepare a 1 per cent aqueous solution of sodium lauryl sulphate. 

Standard tin solution:Dissolve 1.000 g tin in 100 mL of 1 : 1 hydrochloric acid and dilute with 

the same concentration of acid to 1 L: 1 mL contains 1 mg Sn. Prepare more dilute solutions as 

required (e.g. 0.01 mg Sn per mL) by dilutionwith 1 : 1 hydrochloric acid. 

Procedure 

 Transfer a 10 mL aliquot of the sample solution (not more than 0.25 mg of tin) in to a 25 

mL graduated flask containing 5 mL of 0.5 M hydrochloric acid. Add the following reagents 

according to the order givenwith thorough mixing after each reagent addition i) 1 drop 

thioglycollic acid, ii) 2.0mLconcentrated hydrochloric acid, iii) 0.5 mL of the dispersant 

solution, and iv) 1.0 mLof the dithiol reagent. Place the flaskin a water bath at 60 OC for 10 

minutes, cool and dilute the contents to themark. Measure the absorbance at 545 nm (yellow-

green filter) against a reagentblank.Construct a concentration-absorbance curve with the aid of 

the standardtin solution. 
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Procedure (tin in canned foods):  

Weigh 5 or 10 g of the sample, depending on the expected tin content, intoa small 

porcelain crucible. Dry and char the sample on a hotplate; heat to ashin a muffle furnace at 600 
OC. Add 1 g of fusion mixture (3 parts Na2CO3 + 1 partKCN by weight) and fuse this with the 

ash by holding the crucible with nickeltongs over a Bunsen or Meker burner. Cool the crucible, 

place it in a smallbeaker, and cover the latter with a watchglass. Add 10 mL water, and run 10 

mLdilute hydrochloric acid (1: 1). Boil the contents of the beaker gently for 30 minutes. Cool 

and filter:  

If copper is known to be absent or present only in negligible proportions,dilute the 

solution with water to 50mL in a graduated flask, and continue asdetailed below. Otherwise, 

transfer the solution to a small separatory funneland add 5 mL of the 

diethylammoniumdiethyldithiocarbamate in chloroformreagent (diluted 1:20 with chloroform 

when required). Shake and run off thechloroform layer, extract the aqueous layer with successive 

1 mL portions ofthe reagent until the chloroform layer is colourless; finally, wash the 

aqueouslayer with a few mL of chloroform. Dilute the aqueous solution with water to50 mL in a 

graduated flask. 

To 10.0 mL of the solution thus prepared add 0.5 mL of dilute hydrochloricacid (1: 1) 

and measure the absorbance at 545 nm, or use agreen filter with an absorptiometer. 

Basic Principle of spectroflurometry 
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 Fluorometry or spectrofluorometry, is a type of electromagnetic spectroscopy 

which analyzes fluorescence from a sample. It involves using a beam of light, usually 

ultraviolet light, that excites the electrons in molecules of certain compounds and causes 

them to emit light. 

FLUORESCENCE 

Molecular fluorescence is the optical emission from molecules that have been 

excited to higher energy levels by absorption of electromagnetic radiation. The main 

advantage of fluorescence detection compared to absorption measurements is the greater 

sensitivity achievable because the fluorescence signal has in principle a zero background. 

Analytical applications include quantitative measurements of molecules in solution and 

fluorescence detection in liquid chromatography. The theory of quantitative fluorescence 

measurements is given in a separate document 

Instrumentation 

 The Stokes shift (Stokes shift is the difference (in wavelength or frequency units) 

between positions of the band maxima of the absorption and emission spectra 

(fluorescence and Raman being two examples) of the same electronic transition.) 

facilitates the creation of highly sensitive methods of detection of fluorescence. As the 
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wavelengths of the exciting and detected (emitted) light differ, the background created by 

the exciting light can be minimised by using a proper setup. There are two ways to avoid 

that the exciting light get into the detector: 

 The essential components of an instrument used to measure fluorescence of the sample are:  

� Excitation light sources  

� Filters or Monochromators 

� Sample holder 

� Detector  

� Readout device 

 

 

 

Source of light: 

1. Mercury arc lamp: Produce intense line spectrum above 350 nm. High pressure 

lamps give line at 366, 405, 436, 546, 577, 691, 734 nm. Low pressure lamps give 

additional radiation at 254 nm. 
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2. Xenon arc lamp: Intense radiation by passage of current through an atmosphere 

of xenon. Spectrum is continuous over the range between over 250-600 nm, peak 

intensity about 470 nm. 

3. Tungsten lamp: Intensity of the lamp is low. If excitation is done in the visible 

region this lamp is used. It does not offer UV radiation. 

4. Tunable dye laser: Pulsed nitrogen laser as the primary source. Radiation in the 

range between 360 and 650 nm is produced.  

Filters or Monochromators: 

Filters: Primary filter-absorbs visible light &transmit uv light. Scondary filter absorbs uv 

radiations & transmits visible light.  

Monochromotors: ExitationMonochromotors – isolates only the radiation which is absorbed by 

the molecule. Emission Monochromotors- isolates only the radiation emitted by the molecule. 

Sample holder: The majority of fluorescence assays are carried out in solution. Cylinderical or 

rectangular cells fabricated of silica or glass used. Path length is usually 10 mm or 1 cm. All the 

surfaces of the sample holder are polished in fluorimetry. 

Detectors:  

1. Photovoltaic cell 

2. Photo tube 

3. Photomultiplier tubes best and accurate: Multiplication of photo electrons 

by secondary emission of radiation. A photo cathode and series of dynodes 

are used. Each cathode is maintained at 75-100 v higher than the 

proceeding one. Over all amplification of 106 is obtained. 

Application of fluorimetry: 

4. Determination of organic substance 

5. Determination of ruthenium ions presence other platinum metals. 

6. Determination of aluminum (III) in alloys. 
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7. Determination of boron in steel by complex formed with benzoin. 

8. Estimation of boron in steel by complex formed with benzoin. 

9. Estimation of cadmium with 2-(2 hydroxyphenyl) benzonxazole in 

presence of tartarate. 

SPECTRO FLUOROMWETRYIC DETERMINATION OF ALUMINIUM 

Discussion: 

The procedure utilizes eriochrome blue black RC (also called pontachrome blue black R; 

Colour Index No. 15705) at a pH of 4.8 in a buffer solution. Beryllium gives no fluorescence and 

does not interfere; iron, chromium, copper, nickel, and cobalt mask the fluorescence; fluoride 

must be removed if present. The method may be adapted for the determination of aluminium in 

steel. 

Reagents: 

Standard solution of aluminium:Dissolve 1.760 g aluminium potassiumsulphate crystals in 

distilled water, add 3 mL concentrated sulphuric acid, anddilute to 1 L in a graduated flask. 

Pipette out 10 mL of this solution into a littlewater, add 2.0 mL concentrated sulphuric acid, and 

dilute to 1 L with distilledwater. This solution contains 0.00100 mg aluminium per L. 

Ammonium acetate solution, 10 per cent:Dissolve 25 g of the pure Salt in waterand dilute to 

250 mL. 

Dilute sulphuric acid:Add 25 mL concentrated sulphuric acid to 200 mL water,cool, and dilute 

to 500 mL in a graduated flask. 

Eriochrome blue black RC, 0.1 per cent:Prepare a 0.1 per cent solution in90 per cent ethanol. 

Procedure: 

Into l00 mL graduated flasks, each containing l0 mL of theammonium acetate solution, 1 

mL of the dilute sulphuric acid, and 3 mL of theeriochrome blue black RC solution, run in from a 

burette 15.0, 20.0, 25.0, 30.0,35.0, 40.0, 45.0, and 50.0 mL of the standard aluminium solution. 

Dilute eachof the above solutions with distilled water, and adjust to a pH of 4.6 + 0.2 ifnecessary 

before making up to the 100 mL mark. Allow the solutions to stand forat least 1 hour. 

Measure the fluorescence of each of the above solutions at 590nm, usingthat containing 

0.005 mgmL-1 Al as standard. Draw a calibration curve, plotting instrument readings against 



 

concentrationof aluminium. Determine the number of mg of Al per L in an unknown 

solution(Say ca0.25 mg L-1), utilising the calibration 

 

SPECTRO FLUOROMWETRYIC DETERMINATION OF 

Discussion 

Cadmium may be precipitated quantitatively in alkaline solution in the presence of 

tartrate by 2-(2-hydroxyphenyl) benzoxazole.

acid, giving a solution with an orange tint and a bright blue fluorescence in ultraviolet light. The 

acetic (ethanoic) acid solution is used as a basis for the fluonmetric determination of cadmium.

Structure of 

 

Reagents: 
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concentrationof aluminium. Determine the number of mg of Al per L in an unknown 

), utilising the calibration curve. 

SPECTRO FLUOROMWETRYIC DETERMINATION OF CADMIUM 

Cadmium may be precipitated quantitatively in alkaline solution in the presence of 

hydroxyphenyl) benzoxazole.The complex dissolves readily in glacial acetic 

a solution with an orange tint and a bright blue fluorescence in ultraviolet light. The 

acetic (ethanoic) acid solution is used as a basis for the fluonmetric determination of cadmium.

 

Structure of 2-(2-hydroxyphenyl) benzoxazole. 

concentrationof aluminium. Determine the number of mg of Al per L in an unknown 

 

Cadmium may be precipitated quantitatively in alkaline solution in the presence of 

The complex dissolves readily in glacial acetic 

a solution with an orange tint and a bright blue fluorescence in ultraviolet light. The 

acetic (ethanoic) acid solution is used as a basis for the fluonmetric determination of cadmium. 



 

2- (2-Hydroxyphenyl) benzoxazole solution

of 95 per cent ethanol. 

Standard cadmium ion solution

0.04 mg mL-1 Cd using hydrated cadmium sulphate.

Solutions for calibration

Prepare the cadmium complex of the reagent by precipitating it from a solution of pure 

cadmium Salt as follows. Introduce an excess of sodium tartrate, warm to 

to 9-10 by the addition of 0.5M 

60 OC for 15 minutes. Filter on a sintered

to remove excess of the reagent, and dry at 

complex and dissolve it in 1 L

50 ml of the Cd complex  solution

fluorescence.  

Plot fluorimeter readings against concentration of Cd per 

Procedure 

Use an aqueous solution of the sample 

about 0.1 g of ammonium tartrate. Add an equal volume of 

treat with a slight excess of the reagent solution (4mL = 
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xyphenyl) benzoxazole solution:Dissolve 1.0 g of the solid reagent in 

Standard cadmium ion solution:Prepare a standard cadmium ion solution containing 

Cd using hydrated cadmium sulphate. 

Solutions for calibration curve withfluorimeter: 

Prepare the cadmium complex of the reagent by precipitating it from a solution of pure 

cadmium Salt as follows. Introduce an excess of sodium tartrate, warm to 60O

0.5M NaOH.Further add a slight amount of the reagent, and digest at 

minutes. Filter on a sintered-glass crucible (medium porosity), wash with ethan

to remove excess of the reagent, and dry at 130-140 OC for 1-2 h. Weigh out 

L (100 ppm) of glacial acetic acid. Pipette out 10, 20, 30, 40 and 

solutionand make up to 100 mL using glacial acetic acid.

Plot fluorimeter readings against concentration of Cd per 50 mL.

Use an aqueous solution of the sample (25-30 mL) containing from 0.1-2.0 

g of ammonium tartrate. Add an equal volume of 95 per cent ethanol, warm to 

treat with a slight excess of the reagent solution (4mL = 1 mg of Cd), adjust

g of the solid reagent in 1 L 

Prepare a standard cadmium ion solution containing ca 

Prepare the cadmium complex of the reagent by precipitating it from a solution of pure 
OC, adjust the pH 

of the reagent, and digest at 

glass crucible (medium porosity), wash with ethanol 

. Weigh out 0.1 g of the 

Pipette out 10, 20, 30, 40 and 

glacial acetic acid.Measure the 

 

mL. 

2.0 mg of Cd and 

per cent ethanol, warm to 60 OC, 

mg of Cd), adjust the pH to 9-11, 
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digest at 60 OC for 15 minutes, filter on a medium-porosity glass crucible, wash with 20-25 mL 

of 95 per cent ethanol containing a trace of ammonia, and dry the precipitate at 130 OC for 30-45 

minutes. Dissolve the precipitate in 50.0 mL of glacial acetic acid, and measure the fluorescence 

of the solution as in the calibration procedure. Evaluate the cadmium content from the calibration 

curve. 

 

SPECTRO FLUOROMWETRYIC DETERMINATION OF CALCIUM 

Discussion: This method is based upon the formation of a fluorescent chelate between 

calcium ions and calcein [fluorescein bis(methy1iminodiacetic acid)] in alkaline solution. The 

procedure has been employed for the determination of calcium in biological materials. 

Reagents.Standard calcium solution. 

Prepare a standard solution containing 10mg L-1 calcium by dissolving the calculated 

quantity of calcium carbonate in the minimum amount of hydrochloric acid and diluting to 1 L in 

a graduated flask. 

Calcein solution. 

 

fluoresceinbis(methy1iminodiacetic acid) 

Dissolve sufficient calcein or its disodium salt, in the minimum amount of 0.4 M 

potassium hydroxide solution and dilute with water to give a concentration of 60 mg L-1 in a 

graduated flask.  

Aqueous solutions of calcein are not stable for longer than 24 hours and should be kept in 

the dark as much as possible. 

Potassium hydroxide solution: 

Prepare a 0.4M potassium hydroxide solution by dissolving 22.4 g of solid potassium 

hydroxide in de-ionised water and make up to 1 L in a graduated flask. 

Procedure: 



 

Prepare a series of calcium ion solutions covering the concentration range 

(PPM) by adding 1, 2, 3, 4 mL of stdCa solution into 

mL of 0.4M potassium hydroxide solution and 1 mL of calcein solution

using deionised water. Determine the fluorescence for each solution at 540 nm with excitation at 

480 nm, and plot a calibration curve. Prepare the sample solution in a similar manner to give a 

fluorescence value falling within the range of

calcium concentration in the sample.

Plot fluorimeter readings against concentration of C

SPECTRO FLUOROMWETRYIC DETERMINATION OF 

The zinc complex of oxine fluoresces in ultraviolet 

following method. 

 

Reagents:  

Standard zinc solution:Dissolve about 4.0 g, accurately weighed zinc shot in 35 mL 

concentrated hydrochloric acid, and dilute with distilled water to 1 L in a graduated flask. Pipette 

10.0mL of this solution into a llitre graduated flask and dilute to the mark with distilled water.

8-Hydroxyquinoline (oxine) solution, 5 per cent

acid and dilute to 100 mL with distilled water.
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Prepare a series of calcium ion solutions covering the concentration range 

1, 2, 3, 4 mL of stdCa solution into 25 mL graduated flasks each containing 5.0 

mL of 0.4M potassium hydroxide solution and 1 mL of calcein solution and make up to 

using deionised water. Determine the fluorescence for each solution at 540 nm with excitation at 

480 nm, and plot a calibration curve. Prepare the sample solution in a similar manner to give a 

fluorescence value falling within the range of the calibration curve, and hence obtain the original 

calcium concentration in the sample. 

 

Plot fluorimeter readings against concentration of Ca per 25mL.

SPECTRO FLUOROMWETRYIC DETERMINATION OF ZINC 

The zinc complex of oxine fluoresces in ultraviolet light, and this forms the basis of the 

Dissolve about 4.0 g, accurately weighed zinc shot in 35 mL 

concentrated hydrochloric acid, and dilute with distilled water to 1 L in a graduated flask. Pipette 

10.0mL of this solution into a llitre graduated flask and dilute to the mark with distilled water.

Hydroxyquinoline (oxine) solution, 5 per cent:Dissolve 5.0 g oxine in 12 g glacial acetic 

acid and dilute to 100 mL with distilled water. 

Prepare a series of calcium ion solutions covering the concentration range 0- 4 mg/L 

25 mL graduated flasks each containing 5.0 

make up to 25 mL 

using deionised water. Determine the fluorescence for each solution at 540 nm with excitation at 

480 nm, and plot a calibration curve. Prepare the sample solution in a similar manner to give a 

the calibration curve, and hence obtain the original 

 

mL. 

light, and this forms the basis of the 

Dissolve about 4.0 g, accurately weighed zinc shot in 35 mL 

concentrated hydrochloric acid, and dilute with distilled water to 1 L in a graduated flask. Pipette 

10.0mL of this solution into a llitre graduated flask and dilute to the mark with distilled water. 

Dissolve 5.0 g oxine in 12 g glacial acetic 
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Standard dichlorofluorescein solution:Add a 0.1 per cent ethanolic solution of 

dichlorofluoresceindropwise to 1 L of distilled water until the resulting solution has a 

fluorescence slightly greater than that produced by the most concentrated zinc solution to be 

investigated (see below). About 0.8-1.0 mL of dichlorofluorescein solution is required. 

Gum arabic solution, 2 per cent: Grind finely 2.0g gum arabic in a glass mortar, dissolve it in 

water, and dilute to 100 mL; filter, if necessary. 

Ammonium acetate solution, ca2M: Dissolve 15.5 g crystallised ammonium acetate in water 

and dilute to 100 mL. 

Procedure 

 By means of a calibrated burette, run 5.0, 10.0, 15.0, 20.0, and25.0 mL of the standard 

zinc solution into separate 100 mL graduated flasks.To each flask add 10 mL of the ammonium 

acetate solution, 4 mL of the gumarabic solution, dilute to about 45 mL with distilled water, and 

mix by swirling.Now add exactly 0.40 mL of the oxine solution, dilute to the mark with distilled 

water, shake gently,and transfer immediately to the ce11 of a fluorimeter for measurement. 

Employthe dichlorofluorescein solution as standard. Commence measurements with the 

mostconcentrated zinc solution. Use the calibration curve fordetermining the zinc content of test 

solutions containing 4.5 to 6.5 mg ofzinc L-1. 

Precaution 

It is important that the fluorescence of the zinc-oxinemixtures be determined immediately 

after they are prepared, since the finesuspension ofzinc oxinate slowly settles to the bottom of the 

cell, Plot instrumentreadings against zinc content (mgmL-1). 

 

 

 



 

Plot fluorimeter readings against concentration of 
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Plot fluorimeter readings against concentration of Zn 
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Unit IV  Gravimetry 

Thermogravimetric analysis 

Thermogravimetricanalysis(TGA) •  

Principle:  

In thermogravimetric analysis, the sample is heated in a given environment (air, N2, CO2, He, 

Ar, etc.) at controlled rate. The change in the weight of the substance is recorded as a function of 

temperature or time. The temperature is increased at a constant rate for a known initial weight of 

the substance and the changes in weights are recorded as a function of temperature at different 

time interval. This plot of weight change against temperature is called thermogravimetric curve 

or thermogram, this is the basic principle of TGA 

Example:  

TGA Curve for AgNO3  

The horizontal portion of the curve indicates that, there is no change in weight (AB &CD) and 

the portion BC indicates that there is weight change.  

The weight of the substance (AgNO3) remains constant upto a temperature of 473°C indicating 

that AgNO3 is thermally stableupto a temperature of 473°C.  

At this temperature it starts losing its weight and this indicates that the decomposition starts at 

this temperature. It decomposes to NO2, O2 and Ag.  

The diagram indicates the TGA curve for  

AgNO3. AgNO3 → Ag + NO2 + O2 

TGA Curve for AgNO3  

The loss in weight continues upto 608°C and beyond this temperature the weight of the sample 

remains constant, this is shown by the portion of the curve CD.  
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The portion between BC, represents the decomposition of silver nitrate, the decomposition is 

complete at 608°C leaving metallic silver as the stable residue 

Instrumentation of TGA 

The apparatus required for TGA analysis are  

(a) A furnace which can be heated so that the temperature gives linearity with time. (b) A furnace 

controlled thermobalance 

A known weight of the sample is taken in a crucible(c), which is enclosed by a furnace(F). The 

furnace(F) temperature is raised slowly, the temperature of the sample and the corresponding 

weight are taken.  

A platinum/platinum rhodium thermocouple is used to measure the sample temperature, and the 

change in weights are found out by finding the beam deflection on adding a known weight to the 

pan.(i.e) the change in the weight are recorded from the beam deflection. 

Recorder:  

A recorder records the change in weight in y axis and w.r.to temperature on the x-axis. We get a 

thermogram. 

TGA of calcium oxalate monohydrate (CaC2O4.H2O)  

The successive plateau corresponds to the formation of anhydrous salt, calcium carbonate and 

calcium oxide.  

(a) CaC2O4.H2O → CaC2O4 + H2O  

(b) CaC2O4 → CaCO3 + CO  

(c) CaCO3 → CaO + CO2  

The thermogram indicates that the loss of water begins at 100°C and loss of CO at 400°C and 

CO2 at 680°C 
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Factors affecting the TG curve  

The factors which may affect the TG curves are classified into two main groups.  

(1) Instrumental factors  

(2) Sample Characteristics  

(1) Instrumental factors  

(a) Furnace heating rate  

(b) Furnace atmosphere  

(2) Sample characteristics includes 

 (a) Weight of the sample  

(b) Sample particle size 

Instrumental factors  

Furnace Heating rate:  

The temperature at which the compound (or sample) decompose depends upon the heating rate. 

When the heating rate is high, the decomposition temperature is also high. A heating rate of 

3.5°C per minute is usually recommended for reliable and reproducible TGA.  

Furnace atmosphere: The atmosphere inside the furnace surrounding the sample has a profound 

effect on the decomposition temperature of the sample. A pure N2 gas from a cylinder passed 

through the furnace which provides an inert atmosphere. 

Sample characteristics  

(a)Weight of the sample: A small weight of the sample is recommended using a small weight 

eliminates the existence of temperature gradient throught the sample.  
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(b) Particle size of the sample:  

The particle size of the sample should be small and uniform. The use of large particle or crystal 

may result in apparent, very rapid weight loss during heating 

Applications of TGA  

From TGA, we can determine the purity and thermal stability of both primary and secondary 

standard.  

Determination of the composition of complex mixture and decomposition of complex. 

For studying the sublimation behaviour of various substances. 

TGA is used to study the kinetics of the reaction rate constant.  

Used in the study of catalyst: The change in the chemical states of the catalyst may be studied by 

TGA techniques. (Zn-ZnCrO4) Zinc-Zinc chromate is used as the catalyst in the synthesis of 

methanol. 

Differential thermal analysis 

Differential Thermal Analysis (DTA)  

Principle:  

The basic principle involved in DTA is the temperature difference (∆T) between the test sample 

and an inert reference sample under controlled and identical conditions of heating or cooling is 

recorded continuously as a function of temperature or time, thus the heat absorbed or emitted by 

a chemical system is determined. 

Differential Thermal Analysis (DTA)  

If any reaction takes place in the sample, then the temperature difference will occur between the 

sample and the reference material.  
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In an endothermic change (such as melting or dehydration of the sample) the temperature of the 

sample is lower than that of the reference material  

(i.e) ∆T =ve (for endothermic process)ϕ 

In an exothermic change or process the sample temperature is higher than that of the reference 

material.  

(i.e) ∆T = + ve (exothermic process) 

The shape and the size of the peak give information about the nature of the test sample.  

(1)Sharp endothermic peaks indicate phase changes (such as melting, fusion etc.) transition from 

one crystalline form to another crystalline form.  

(2) Broad endothermic peaks are obtained from dehydration reactions  

(3)Chemical reactions like oxidative reactions are exothermic reactions. 

Instrumentation for DTA  

The DTA apparatus consists of the following components  

Furnace sample and reference holder with thermocouple assembly. 

Sample holder furnace(To heat the sample)  

Furnace temperature controller(to increase the furnace temperature steadily)  

Furnace atmospheric control system 

(To maintain a suitable atmosphere in the furnace and sample holder)  

Low level DC amplifier  

Recording device(Recorder) 

Differential temperature sensor (to measure the temperature difference between the sample and 

reference material) the sample and reference holder are kept inside the furnace and the 

temperature of the furnace and sample holder is controlled by using furnace controller. 
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DTA of calcium oxalate monohydrate  

The DTA curve for the decomposition of calcium oxalate monohydrate (CaC2O4.H2O) is shown 

in the diagram.  

The thermogram shows the decomposition in CO2 atmosphere and in air atmosphere. 

The thermogram of calcium oxalate monohydrate has three peaks corresponding to the 

successive elimination of H2O, CO and CO2.  

These three points of weight loss corresponds to the three endothermic process.  

Curve (b) represents the DTA diagram for the same compound in air.  

The second peak in this curve is sharply exothermic, but corresponds to the same weight loss as 

in carbon dioxide atmosphere.  

This peak represents the exothermic burning of carbon monoxide in air at the temperature of the 

furnace. 

Factors affecting the DTA Curve  

Instrumental Factors:  

Size and shape of the sample and furnace holder. 

Material from which sample holder is made and its corrosive attack. 

Heating rate(furnace heating rate) 

Sample characteristics:  

Amount of the sample(sample weight)  

Particle size of the sample 

Applications of DTA  

DTA curves for two substances are not identical. Hence they serve as finger prints for various 

substances. • Used to study the characteristic of polymeric material.  
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This technique is used for testing the purity of the drug sample and also to test the quality control 

of number of substances like cement, soil, glass, etc.  

Used for the determination of heat of reaction, specific heat and energy change occurring during 

melting etc.  

Trend in ligand stability (thermal stability of the ligands) gives the information about the ligands 

in the coordination sphere. 

GRAVIMETRIC ANALYSIS 

Principle: 

Gravimetric analysis is the quantitative determination of analyte concentration through a process 

of precipitation of the analyte, isolation of the precipitate, and weighing the isolated product.  

Uses of gravimetric analysis 

Chemical analysis of ores and industrial materials  

Calibration of instrumentation  

Elemental analysis of inorganic compounds 

1. A weighed sample is dissolved  

2. An excess of a precipitating agent is added to this solution  

3. The resulting precipitate is filtered, dried (or ignited) and weighed  

4. From the mass and known composition of the precipitate, the amount of the original ion can 

be determined  

5. Stoichiometry is important  

Criteria for Gravimetric Analysis  

The desired substance must completely precipitate from solution. In most determinations the 

precipitate is of such low solubility that dissolution of the analyte is negligible. An additional 
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factor is the "common ion" effect, further reducing the solubility of the precipitate When Ag+ is 

precipitated from solution through the addition of Cl- the (low) solubility of AgCl is further 

reduced by the excess of Cl- that is added, pushing the equilibrium to the right. 

The weighed form of the product should be of known composition. The product should be "pure" 

and easily filtered. It is usually difficult to obtain a product that is "pure“ (i.e., one that is free 

from impurities). Careful precipitation and sufficient washing may reduce the level of impurities  

Example: Ni in Steel  

To measure Ni in steel, the alloy is dissolved in 12 M HCl and neutralised in the presence of 

citrate ion, which maintains iron in solution. The slightly basic solution is warmed and 

dimethylglyoxime (DMG) is added to precipitate the red DMG-nickel complex quantitatively.  

The product is filtered, washed with cold water, and dried at 110 °C.  

Mechanism of Precipitation  

Induction period  

The time before nucleation occurs after the addition of the precipitating agent to the solution  

May range from milliseconds to several minutes  

Nucleation  

Formation of small, stable aggregates or nuclei of precipitate  

Nuclei have sizes down to ~1 nm, composed of a few atoms, and there may be up to 1010 nuclei 

per mole of analyte 

Excess ions from solution collect around the nuclei  

Silver nitrate is added very slowly to an acidic solution containing chloride. Silver chloride 

nuclei form with a surface layer of ions. The “charged” AgCl particles (or colloidal particles) 

repel each other. Nucleus of AgCl(s) colloid Primary adsorbed Ag+ Loosely associated counter 
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ion Illustration of an Electrical Double Layer Homogeneous solution (charges balanced). In 

addition to the primary adsorbed silver ions, some nitrate ions form an electrostatic layer around 

the nucleus.  

These counter ions tend to aggregate around the [AgCl:Ag]+ center because these centers have a 

net positive charge (excess Ag+) and additional negative charge is required to maintain electrical 

neutrality.  

Counter ions are less tightly held than the primary adsorbed ions and the counter ion layer is 

somewhat diffuse and contains ions other than those of the counter ions.  

These layers of charged ions associated with the surface of the nuclei are known as the electric 

double layer.  

Adsorption is a process in which a substance (gas, liquid, or solid) condenses onto the surface of 

a solid  

The electric double layer of a colloid consists of a layer of charge associated with the surface of 

the particles and a layer with a net opposite charge in the solution surrounding the particles  

A colloid is a finely divided particle (typically with diameters from 10 nm to Mechanism of 

Precipitation Digestion  

Heating the precipitate within the mother liquor (or solution from which it precipitated) for a 

certain period of time to encourage densification of nuclei.  

During digestion, small particles dissolve and larger ones grow (Ostwald ripening). This process 

helps produce larger crystals that are more easily filtered from solution  

Ideal Analytical Precipitation  

An analytical precipitate for gravimetric analysis should consist of perfect crystals large enough 

to be easily washed and filtered.  
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The perfect crystal would be free from impurities and be large enough so that it presented a 

minimum surface area onto which foreign ions could be adsorbed.  

The precipitate should also be "insoluble" (i.e., low solubility such that loses from dissolution 

would be minimal).  

Conditions for Analytical Precipitation  

Particle size of precipitates is inversely proportional to the relative supersaturation of the solution 

during precipitation  

Relative supersaturation = (Q-S)/S  

Where Q is the molar concentration of the mixed reagents before any precipitation occurs and S 

is the molar solubility of the product (precipitate) when the system has reached equilibrium. • 

For the best possible results, conditions need to be adjusted such that Q will be as low as possible 

and S will be relatively large.  

Precipitation from hot solution  

The molar solubility (S) of precipitates increases with an increase in temperature  

An increase in S decreases the supersaturation and increases the size of the particle.  

Precipitation from dilute solution  

This keeps the molar concentration of the mixed reagents low.  

Slow addition of precipitating reagent and thorough stirring keeps Q low. (Uniform stirring 

prevents high local concentrations of the precipitating agent.)  

Precipitation at a pH near the acidic end of the pH range in which the precipitate is quantitative. 

Many precipitates are more soluble at the lower (more acidic) pH values and so the rate of 

precipitation is slower.  

Digestion of the precipitate. 
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The digestion period can lead to improvements in the organization of atoms within the crystalline 

nuclei, such as expulsion of foreign atoms (or other impurities).  

Impurities in Precipitates  

Coprecipitation 

It is the precipitation of an unwanted species along with your analyte of interest;  

It occurs to some degree in every gravimetric analysis;  

A major factor for precipitations of barium sulfate and those involving hydrous oxides and 

cannot be avoided, but can be minimized by careful precipitation and a thorough washing of the 

precipitate.  

Particle Surface Area  

Particle Volume  

Particle Radius (A.U.)  

Occlusion  

A type of coprecipitation in which impurities are trapped within the growing crystal  

Post-precipitation – Sometimes a precipitate in contact with the mother liquor is contaminated by 

the precipitation of an impurity. 

Impurities in Precipitates  

Inclusion  

A type of coprecipitation in which the impurities occupy the crystal lattice sites  

Peptidization 

A procedure where the precipitate is washed and filtered, but part of the precipitate reverts to the 

colloidal form because supporting electrolyte is gone.  

Cooling the system with an ice- water bath minimizes loss of precipitate due to dissolution  
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AgCl (s) → AgCl (colloid)  

Increasing Purity  

Re-precipitation  

A procedure including washing away the mother liquor, redissolving the precipitate, and 

precipitating the product again  

Drying the solid 

Generally the solids are dried at ~120oC, but conditions for drying can vary considerably. 

Increasing Purity  

Precipitation in the presence of electrolyte  

Coulombic repulsion is diminished in the presence of electrolyte because of a compression of the 

volume of the ionic atmosphere  

Digestion  

Raising the temperature will increase the collision energy for colloidal particles and overcome 

Coulombic repulsion, leading to formation of larger particles (coalescence)  
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Unit V - Electro-analytical techniques: 

ELECTROGRAVIMETRY 

 Electrogravimetric analysis is more or less similar to conventional 

gravimetric analysis. Electrogravimetry is an electro analytical technique in which the 

substance to be determined (usually a metal) is deposited out on an electrode which is 

weighed before and after the experiment. 

Theory 

A metal is electrolytically deposited on the electrode by increasing the mass of the 

electrode. 

  M+2 + 2e− M(S) 

Therefore,     Eelectrolysis = Ecathode − Eanode 

 The electrons deposition is governed by Ohm's and Faraday's laws of 

electrolysis which states that the amount of the electrons deposited on the electrode is 

directly proportional to the amount of the current passed through the solution and the 

amount of different substances deposited is directly proportional to the molar masses 

divided by the number of electrons involved in the electrolysis process. 

That is the current (I) is directly proportional to the electromotive force (E) and is 

indirectly proportional to the resistance (R). 

E = IR 

From the above equation, we get the following: 

 Eelectrolysis = Ecell − IR 

 Ecell = Ecathode − Eanode 

Therefore, 

 Eapplied = Ecathode − Eanode – IR 

 I = (−Eapplied/R) +1/R (Ecathode − Eanode) 

 I = (Ecell − Eapplied/R) 



 

 I = (−Eapplied/R) + 

whereK is the constant. 

A plot of current vs applied potential 

in an electrolytic cell should be 

straight line with a slope equal to 

negative reciprocal of the resistance.

 

 

Types of Electrogravimetric methods: 

(i) Constant current electrolysis 

(ii)  Constant potential 

electrolysis

(i) Constant current electrolysis

By name itself it indicates that the constant 

current is applied for the electrons deposition. The instrument is composed

direct current source. The voltage applied is controlled by a resistor.

Factors Affecting the Deposition

� Current density. 

� Temperature. 

� The presence of complexing agents.

� Chemical nature of ion.

 

(ii) Constant potential electrolysis: 

In this method, the potential of the cathode is 

controlled. It consists of two independent electrode 

circuits that are connected with a common electrode. 

For the better results, three electrode systems are used.
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A plot of current vs applied potential 

in an electrolytic cell should be 

straight line with a slope equal to 

negative reciprocal of the resistance. 

Types of Electrogravimetric methods:  

Constant current electrolysis  

Constant potential 

electrolysis 

Constant current electrolysis:  

By name itself it indicates that the constant 

current is applied for the electrons deposition. The instrument is composed

direct current source. The voltage applied is controlled by a resistor. 

Factors Affecting the Deposition 

The presence of complexing agents. 

Chemical nature of ion. 

(ii) Constant potential electrolysis:  

this method, the potential of the cathode is 

controlled. It consists of two independent electrode 

circuits that are connected with a common electrode. 

For the better results, three electrode systems are used. 

current is applied for the electrons deposition. The instrument is composed of a cell and 
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1) Working electrode: used for the deposition of the sample. 

2) Counter electrode: used as a current sink. 

3) Reference electrode: maintains the fixed potential despite the changes in solution 

components. 

FARADAY’S FIRST LAW 

 When an electric current is passed through an electrolyte, the amount of 

substance deposited is proportional to the quantity of electric charge passed through the 

electrolyte.  

If W be the mass of the substance deposited by passing Q coulomb of charge, then 

according to the law, we have the relation:  

W ∝Q 

A coulomb is the quantity of charge when a current of one ampere is passed for one 

second. Thus, amount of charge in coulombs,  

 Q = current in amperes × time in seconds 

 = I × t  

So,  W ∝ I × t  (or)  W = z × I × t  

 

where z is a constant, known as electro-chemical equivalent, and is characteristic of the 

substance deposited.Faraday further observed that 1 Faraday (96,485C) of charge 

liberates 1 gram equivalent of the substance at the electrodes. 

 

FARADAYS SECOND LAW 

 Faraday’s second law of electrolysis states that, when the same quantity 

of electricity is passed through several electrolytes, the mass of the substances deposited 

are proportional to their respective chemical equivalent or equivalent weight. 
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The chemical equivalent of an element is the ratio of its atomic weight to its valency. For 

example, the chemical equivalent of silver is 108 / 1 = 108 and for aluminum it is 27 / 3 = 

9. Let an amount of charge 'q' be passed through two electrolytes. The corresponding 

masses of two substances liberated are 'm1' and 'm2', respectively. E1 and E2 are their 

chemical equivalents and let z1 and z2 be their electrochemical equivalents, respectively.  

From Faraday's second law,  

K�
KL

= M�
ML

Mass of Silver deposited 
Mass of Al deposited = 108

9  

Ohm’s law: 

 Ohm's law states that the electrical current (I) flowing in a circuit is 

proportional to the voltage (V) and inversely proportional to the resistance (R). 

which is mathematically expressed as: 

V=IR. 

Where, 

V is Voltage in volts (V) 

R is Resistance in ohm (Ω) 

I is Current in Ampere (A) 

   To find Voltage (V),        V = IR 

   To find Current (I),         I=V/R 

   To find Resistance (R),    R=V/I 

ELECTRICAL UNITS 

Ampere: The ampere (A) is a basic SI unit of electrical current. It can be defined as 

the amount of electric charge or number of electrons that pass a point in a circuit in one 

second. One ampere is equal to 6.241×1018 electrons passing a point per second or one 

coulomb per second.  

  1A = 1C / 1s 

 1A=6.24×1018electrons/second 
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Volt: It is the SI unit of electromotive force, the difference of potential that would 

carry one ampere of current against one ohm resistance. 

1V = 1A ⋅ 1Ω 

Ohm: The ohm (Ω) is the unit of electrical resistance in a circuit. It is defined as a 

resistance between two points of a conductor when a constant potential difference 

of 1 volt (V), applied to these points, produces in the conductor a current of 1.0 

ampere (A), provided the conductor is not the source of any electromotive force. 

Ω = V/A 

Stating resistance in terms of basic SI units: Ω = kg m
2
 s

−3 
A

−2 

Electrical resistance is also a function of the cross section of the wire, as well as its 

temperature. 

Coulomb: The unit quantity of electricity is the coulomb (C), and is defined as the 

quantity of electricity passing when a current of one ampere flows for one second. 

1coulomb=1ampere×second 

 

Polarization: 

 Polarization is a deviation of the electrochemical process from equilibrium 

due to an electric current passing through the galvanic cell. Polarization may occur either 

at the cathode (cathodic polarization) or at the anode (anodic polarization). Cathodic 

polarization is common. 

There are three types of polarization: 

� Activation polarization 

� Concentration polarization 

� Resistance polarization 
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POLARISED AND DEPOLARISED ELECTRODES: 

Non-polarizable electrode or depolarized electrode:  The potential of the electrode 

will not change from its equilibrium potential with the application of even a large current 

density. The reason for this behavior is that the electrode reaction is extremely fast (has 

an almost infinite exchange current density).  

Eg. A platinum-hydrogen electrode is normally considered a good non-polarizable 

electrode 

 

Polarizable electrode: An electrode is called "ideal polarizable" if no electrode reactions 

can occur within a fairly wide electrode potential range. Consequently, the electrode 

behaves like a capacitor and only capacitive current (no faradaic current) is flowing upon 

a change of potential.  

 Eg: Consider the electrolysis of dilute H2SO4 solution using two platinum 

electrodes. In the initial stage the external emf applied is such that it just causes the 

evolution of H2 gas at cathode and O2 gas at anode. But after some time, the evolution 

stops even though the current flows through the cell. This is accounted for the fact that 

the H2 and O2 molecules get adsorbed on the surface of electrodes thereby giving rise to 

back e.m.f. which opposes the external e.m.f. applied. When the back e.m.f. (ie 

polarization e.m.f.) becomes equal to external e.m.f., no current flows and the fuel cell is 

said to be completely polarized.  

 Polarization at a reversible electrode is mainly due to the disturbance 

caused in the equilibrium reaction taking place at that electrode. This is observed when 

the electric current flows through the electrode. Such a phenomenon is called electrolytic 

polarization and the electrode is said to be polarized.  

TYPES OF POLARIZATION 

1) Concentration polarization:  
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 It arises mainly due to a concentration change in the vicinity of the 

electrode.ie due to slowness of diffusion of ions from or to the electrode and the bulk of 

the solution. It is mostly observed in metals.  

Eg. Consider the dissolution of a metal anode giving cations in solution. If the cations 

formed do not travel rapidly in the solution, then there will be more concentration of the 

cations around the vicinity of the anode than in the bulk of the solution. This results in an 

increase in potential at the anode. The increase will be greater for higher current density. 

At cathode, the conditions are exactly opposite. The discharge of cations result in a 

decrease in concentration of the ions near the electrode and if this is not made up by 

diffusion , the concentration in the vicinity of the electrode becomes less than in the bulk 

of the solution.  

2) Activation polarization 

 An electrochemical reaction proceeds through several successive steps. 

The reaction rate is controlled by the slowest step (rate-determining step) of the 

process. 

Activation polarization is the overpotential (change of the electrode potential) caused by 

overcoming the energy barrier of the slowest step of the electrochemical reaction. 

The activation energy required for overcoming the barrier changes the electrode 

potential. 

Common cause of cathodic activation polarization is the reaction of Hydrogen formation 

and evolution at the cathode surface: 

• First step: reduction of the hydrogen ions resulted in formation of atomic   

hydrogen on the cathode surface. 

  H
+
 + e

-
 = H 

• Second step: formation of molecules of gaseous hydrogen. 

  2H = H2 

• Third step: formation of hydrogen bubbles. 

  H2 + H2 + H2 +H2 + ... = nH2 
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The cathode is polarized by the hydrogen atoms producing a film covering the cathode 

surface. The film affects the process kinetic: it slows down the reaction between the 

electrons and hydrogen ions dissolved in the electrolyte. 

CURRENT DENSITY 

The amount of electric current travelling per unit cross-section area is called as 

current density and expressed in amperes per square meter. More the current in a 

conductor, higher will be the current density.  The symbol "J" is used for electric current 

density. 

The formula for Current Density is given as, 

J = I / A 

Where, 

I = current flowing through the conductor in Amperes 

A = cross sectional area in m2. 

Current density is expressed in A/m2. 

 

Determine the current density when 40 Amperes of current is flowing through the battery 

in a given area of 10m
2
. 

Solution: It is given that, 

I = 40 A,    Area = 10 m2 

The current density formula is given by,   

J = I / A     = 40 / 10      J = 4 A/m
2
. 

CURRENT EFFICIENCY 

 Current efficiency is the ratio of the 

actual mass of a substance liberated from an 

electrolyte by the passage of current to the 
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theoretical mass liberated according to Faraday's law.The current efficiency of an 

electrolytic process is that percentage of total quantity of electricity consumed, which is 

effectively utilised for the desired electrolytic reaction. 

Current efficiency = 

`abb 9c defag hei9bjfeh 9k hjbb9gleh m ��� 
adieke ben9ohb 9c egenfkjnjfp n9obqdeh E egenfk9nredjnag  esqjlageof 9c fre defag 

 DECOMPOSITION POTENTIAL: 

The minimum potential that can be applied externally between the two electrodes 

immersed in an electrolytic solution so as to bring about continuous decomposition of an 

electrolyte is called decomposition potential.  

Explanation:-  

 When 1N H2SO4 solution is electrolyzed by some Pt electrodes and 

applying an external potential of 1 volt, it is found that current flows initially and after 

some time it stops due to polarization at the respective electrodes. The H2 and O2 form a 

layer at the surface of the electrodes thus gives rise to back e.m.f. Now if the applied 

potential is slowly increase to oppose the back e.m.f., the current slowly increases and at 

a particular value of applied potential, the current suddenly increases. For this value of 

applied potential, continuous evolution of H2 and O2 gas takes place at the two electrodes. 

(H2 at cathode and O2 at anode). This applied potential necessary for continuous 

electrolytic decomposition is called decomposition potential and for H2SO4 its vale is 

found to be 1.7 volts at 250C.  

 

OVERPOTENTIAL OR OVERVOLTAGE 

In many electrode reactions electrodes do not behave ideally, as some times the 

gaseous products obtained get adsorbed on the electrode surface which hinders the 

electrode reactions. This slow down of electrode reactions can be overcome by some 

extra potential. This potential is called overpotential. 
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Explanation: When an aqueous solution of 1N H2SO4 is electrolyzed using Pt electrode 

at 250C evolution of H2and O2 takes place at cathode and anode respectively. The 

reactions taking place at the electrodes are as follows: 

 At Cathode : 2H++ 2e- → H2(g) 

 At Anode : 2OH- → ½ O2(g)+ H2O + 2e– 

 Net reaction: 2H+ +2OH– →  H2(g)+ ½ O2(g)+ H2O(l) 

For the above electrolytic cell the potential at which continued evolution of H2and O2 gas 

took place was measured and was found to be 1.7 Volts. This is called decomposition 

potential of 1N H2SO4 which is also the observed value of the potential. Now if a 

galvanic cell is set up using H2 and O2 as gas electrodes placed in 1NH2SO4 solution 

then following reactions takes place at respective electrodes at 1 atm pressure. 

 L.H.E. = oxidation     H2(g)→ 2H++ 2e– 

 R.H.E. = reduction    ½ O2(g)+ H2O(l)+ 2e–→ 2OH– 

 H2(g) + ½ O2(g) + H2O(l) → 2H++ 2OH– 

The reversible emf of the above cell is given by Nernst’s equation. 

This value is called theoretical reversible decomposition potential of the galvanic cell. 

Thus we find that theoretical reversible potential is greater than the actual decomposition 

potential by 

1.7 –1.23 = 0.47 Volts. 

This excess potential is termed as over voltage. 

It is given by the formula,  η= Ed–Er.  

Where,  



 

Ed is the decomposition potential of the electrolyte 

Eris theoretical reversible potential of the cell

The overpotential at the anode or cathode is a function of the following variables.

1. The nature and the physical state of the metal employed for the electrodes. The 

fact that reactions involving gas evolution usually require less overpotential at 

platinised than at polished platinum electrodes is due to the much larger effective 

area of the platinised electrode and thus the smaller current density at a given 

electrolysis current. 

2. The physical state of the substance deposited. If it is a metal, the overpotential 

usually small; if it is a gas, such as oxygen or hydrogen, the overpotential is 

relatively great. 

3. The current density employed. For current densities up to 0.01 A cm

increase in overpotential is very rapid; above this figure the increase in 

overpotential continues, but less rapidly.

4. The change in concentration, or the concentration gradient, existing in the 

immediate vicinity of the electrodes; as this increases, the overpotential rises.

 

What is Voltammetry? 

 It is an Electro

gives information about the analyte.  The change in 

current with the varying voltage gives the plot and is 

known as voltammogram.  

Principles of Voltammetry: 

 Voltammetry is the electrochemical 

technique in which the current at an electrode is

measured as a function of the potential, or voltage, applied to the electrode. The potential 

is varied in some systematic manner and the 

potentialplotiscalledavoltammogram. 
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Voltammetry is the electrochemical 

technique in which the current at an electrode is 

measured as a function of the potential, or voltage, applied to the electrode. The potential 

is varied in some systematic manner and the resultingcurrent

potentialplotiscalledavoltammogram.  

overpotential at the anode or cathode is a function of the following variables. 

The nature and the physical state of the metal employed for the electrodes. The 

fact that reactions involving gas evolution usually require less overpotential at 

n at polished platinum electrodes is due to the much larger effective 

area of the platinised electrode and thus the smaller current density at a given 

The physical state of the substance deposited. If it is a metal, the overpotential is 

usually small; if it is a gas, such as oxygen or hydrogen, the overpotential is 

The current density employed. For current densities up to 0.01 A cm-1, the 

increase in overpotential is very rapid; above this figure the increase in 

The change in concentration, or the concentration gradient, existing in the 

immediate vicinity of the electrodes; as this increases, the overpotential rises. 

measured as a function of the potential, or voltage, applied to the electrode. The potential 

resultingcurrent—



 

 Voltammetry can be used to analyze any chemical speciesthat 

iselectroactive,i.e.,thatcanbemadetooxidize or reduce. The potential of the electrode is the 

controlled parameter that causes the chemical species to be oxidized or reduced. As the 

potential of the electrode becomes more negative, it becomes more strongly red

 The current, on the other hand, is simply a measure of electron flow. The 

current is due to electron transfer whichtakesplacewhenanoxidationorreductionoccurs on 

the electrode surface. This type of current is termed 

current is proportional to concentration. The current due to a reduction (cathodic current) 

is, by convention, assigned a positive sign. The current due to an oxidation (anodic 

current) is assigned a negative sign (Figure 1).The procedure normally inv

a ce11 with an assembly of three electrodes: (1) a working electrode at which the 

electrolysis under investigation takes place; (2) a reference electrode which is used to 

measure the potential of the working electrode; and 

together with the working electrode, carries the electrolysis current. In some 

circumstances the working electrode may be a dropping mercury electrode (D.M.E.), and 

the auxiliary electrode is a pool of mercury at the base of the cell: for

technique is referred to as polarography.

POLAROGRAPHY 

It is a method of analysis in which a sample is 

subjected to electrolysis using a special electrode 

(DME) and a range of applied voltages, a plot of current 

against voltage showing steps corresponding to 

particular chemical species and proportional to their 

concentration. 

Principle: 

Polarography is based upon the principle that 

gradually increasing voltage is applied between two 
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electrodes, one of which is polarisable (dropping mercury electrode) and other is non-

polarisable and current flowing between the two electrodes is recorded. 

A sigmoid shape current-voltage curve is obtained from which half wave potential as 

well as diffusion current is calculated.  

Diffusion current is used for determination of concentration of substance.  

Half wave potential is characteristic of every element. 

 

Ilkovic Equation: 

Ilkovic equation is a relation used in polarography relating the diffusion current 

(id) and the concentration of the non-polarisable electrode, i.e., the substance reduced or 

oxidised at the dropping mercury electrode (polarisable electrode). 

id= 607 nD1/2m2/3t1/6C 

Where,  

Id = Diffusion current in microamperes 

607     = Constant of various numerical factors including: Faraday constant 

(П),      

 density of Hg, etc., 

N = Number of electrons duly involved in the electrode reaction, 

D = Diffusion coefficient incm2.sec-1 

m = Weight of Hg flowing viathe capillary in mg.sec-1, 

t = Drop time in seconds, 

C = Concentration in mmol/L 

The Ilkovic Equation holds good for the ‘drop-time’to vary between 2 to 8 seconds.  

In order to accomplish this aim and objective the following two critical adjustments may 

be done carefully: 

i. Length of capillary 

ii. Manouvering the Hg-pressure to bring the drop time very much 

within the range (i.e., 2-8 sec)  

There are four major governing factors that influence the Ilkovic equation: 
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1. Both ‘m’ and ‘t’ shall change with the dimensions of the capillary (its 

length) and the applied pressure of Hg reservoir to form the ‘drop’. 

2. Height of Hg column must be maintained constantly as the ‘drop time’ 

solely depends upon the applied pressure by the column of Hg at the tip of 

DME and ‘analyte’ solution interface. 

3. Applied voltage in a DME-assembly is responsible for causing possible 

changes occurring in the prevailing ‘surface tension’of a drop at the tip of 

electrode. 

4.  Evidently, the variations in temperature and viscosity must be at bare 

minimum level because it disturbs the ‘diffusion coefficient’ most 

significantly. 

Definition:  

(1) Residual current(ir): The current that flows in the absence of the depolarizer 

(i.e. due to the supporting electrolyte) is called residual current. This has to be taken into 

consideration while interpreting the polarograms.  

It is the sum of the relatively larger condenser current (ic) and a very small faradic 

current (if). ir= if+ ic 

ic(condenser current) –is due to the formation of Helmholtz double layer at the mercury 

surface. 

if (faradic current) –is due to the traces of impurities. 

(2) Migration current(im): It is due to migration of cations from the bulk of the 

solution towards cathode due to diffusive force, irrespective of concentration gradient. 

This migration current is usually eliminated by adding 50 or 100 fold excess of an inert 

supporting electrolyte. Commonly used supporting electrolytes are potassium or sodium 

salts. 

(3) Diffusion current(id): The difference between Residual current and Limiting 

current is called Diffusion Current (id).Diffusion current is due to the actual diffusion of 

electroreducible ion from the bulk of the sample to the surface of the mercury droplet due 

to concentration gradient. 



 

(4) Half wave potential:

the potential at which the concentration of oxidised and 

reduced forms at electrode surface is equal. i.e., 50% of 

oxidised and 50% of reduced forms are present.

(5) Limiting current (il):

potential, the current reaches a steady state value called 

as the limiting current. At this point, the rate of the 

diffusion of ions is equal to the rate of reduction

and the state of electrode is said to be concentration 

polarised. 

Limiting current is regarded as the sum of ‘diffusion 

current’ and a ‘migration current’

 

 

Dropping Mercury Electrode (DME):

Dropping mercury electrode (DME) is a working 

polarography in which mercury continuously drops from a reservoir through a capillary 

tube (internal diameter 0.03 -0.05 mm) into the solution. The optimum interval between 

drops for most analyses is between 1and 5 s. The unique a

is that the constant renewal of the electrode 

surface, exposed to the test solution, 

eliminates the effects of electrode poisoning.

 

Construction: 

� The assembly consists of a 

mercury reservoir. 

� It consists of fine capillary having 

bore size ranged from 20
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) Half wave potential: Half wave potential is 

the potential at which the concentration of oxidised and 

reduced forms at electrode surface is equal. i.e., 50% of 

idised and 50% of reduced forms are present. 

) Limiting current (il): Beyond a certain 

potential, the current reaches a steady state value called 

as the limiting current. At this point, the rate of the 

diffusion of ions is equal to the rate of reduction of ions, 

and the state of electrode is said to be concentration 

Limiting current is regarded as the sum of ‘diffusion 

current’ and a ‘migration current’ 

Dropping Mercury Electrode (DME): 

Dropping mercury electrode (DME) is a working electrode arrangement for 

polarography in which mercury continuously drops from a reservoir through a capillary 

0.05 mm) into the solution. The optimum interval between 

drops for most analyses is between 1and 5 s. The unique advantage to the use of the DME 

is that the constant renewal of the electrode 

surface, exposed to the test solution, 

eliminates the effects of electrode poisoning. 

The assembly consists of a 

It consists of fine capillary having 

bore size ranged from 20-50 µ and 

electrode arrangement for 

polarography in which mercury continuously drops from a reservoir through a capillary 

0.05 mm) into the solution. The optimum interval between 

dvantage to the use of the DME 
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10-15 cm long. 

� The capillary is connected to mercury reservoir by rubber tubing. 

� A small glass electrolysis cell in which the unknown solution is placed. 

� The height of the mercury reservoir is adjusted such that drop time is 1-5 

seconds. 

WHAT IS POTENTIOMETRY? 

Potentiometry is one of the methods of electro analytical chemistry used to find 

the concentration of a solute in solution by measuring the potential between working and 

reference electrodes.   

Potentiometric titrations: Potentiometric titrations involve the measurement of the 

potential of a suitable indicator electrode with respect to a reference electrode as a 

function of titrant volume.  

Principle: 

 The principle involved in the Potentiometry is when the pair of electrodes is 

placed in the sample solution it shows the potential difference by the addition of the 

titrant or by the change in the concentration of the ions. A typical cell for potentiometric 

analysis consists of a reference electrode, an indicator electrode and a salt bridge. This 

cell can be represented as 

Reference electrode | salt bridge | analyte solution| indicator electrode 
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A reference electrode,Eref, is a half-cell of known potential that remains constant at 

constant temperature and independent of the composition of the analyte solution. The 

reference electrode is always treated as the left-hand electrode in potentiometric 

measurements. Calomel electrodes and silver/silver chloride electrodes are types of 

reference electrodes.  

An indicator electrode has a potential that varies with variations in the concentration of 

an analyte. Most indicator electrodes used in potentiometry are selective in their 

responses. Metallic indicator electrode and membrane electrodes are types of indicator 

electrodes.  

The third component of a potentiometric cell is a salt bridge that prevents the 

components of the analyte solution from mixing with those reference electrodes. A 

potential develops across the liquid junctions at each end of the salt bridge. The junctions 

potential across the salt bridge, Ej, is small enough to be neglected.  

The potential of the cell is given by the equation;  

Ecell= Eind – Eref+ Ej 

The overall cell potential, Ecell is calculated in every interval where the titrant is added 

and measured. Now, a graph is plotted with the Potential difference on the Y-axis and the 

volume on the X-axis. It can be observed from the graph that the electric potential of the 

cell is dependent on the concentration of ions which are in contact with the indicator 

electrode.  

End-Point Detection with Potentiometric 

Titrations: 

Several methods can be used to determine 

the end point ofpotentiomtric titrations. The most 

straight forward one involves a direct plot of 



 

potential as a function of titrant volume.The midpoint in the steeply rising portion of the 

curve is estimated visually and taken as the end point. 

 

 

The second approach to end

derivative curves:  

1. Plotting first derivative 

change in potential or pH per unit volume of titrant (that is, 

∆E/∆V or ∆pH/∆V). A plot of ∆

of corresponding reagent volume produces a curve with a 

maximum that corresponds to the point of inflection.

2. Plotting the second derivative curve by calculating change in potential

change or pH – change per volume change. Then their ratios, 

values, are plotted aganist corresponding volume of the titrant. As shown in Figure 5, the 

data changes sign from (+) to (

end point more precisely. 

Types of potentiometric titrations

1) Titrations involving oxidizing agents and reducing agents can be followed 

potentiometrically by using platinum indi

titration of a ferrous salt with acidified K

burette, emf of the cell will increase first slowly, but at the equivalence point, 

there will be sudden jump in potential, since change in the ratio of Fe

concentration, is quit rapid at the equivalence point.

2) Titration involving pre

use of active metal electrode. The titration of AgNO3 with the standard KCl 

solution is run from the burette. Ag electrode dipping in AgNO3 solution is used 
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potential as a function of titrant volume.The midpoint in the steeply rising portion of the 

curve is estimated visually and taken as the end point.  

The second approach to end-point detection is to plot the 

Plotting first derivative curve by calculating the 

change in potential or pH per unit volume of titrant (that is, 

V). A plot of ∆E/∆V or ∆pH/∆V as a function 

of corresponding reagent volume produces a curve with a 

maximum that corresponds to the point of inflection. 

Plotting the second derivative curve by calculating change in potential

change per volume change. Then their ratios, ∆2E/∆V

values, are plotted aganist corresponding volume of the titrant. As shown in Figure 5, the 

sign from (+) to (-) at the inflection point. Second derivative curve gives the 

Types of potentiometric titrations 

Titrations involving oxidizing agents and reducing agents can be followed 

potentiometrically by using platinum indicator electrode. The apparatus for 

titration of a ferrous salt with acidified K2Cr2O7 On adding K2Cr

burette, emf of the cell will increase first slowly, but at the equivalence point, 

there will be sudden jump in potential, since change in the ratio of Fe

concentration, is quit rapid at the equivalence point. 

Titration involving precipitation can also be followed potentiometrically by the 

use of active metal electrode. The titration of AgNO3 with the standard KCl 

solution is run from the burette. Ag electrode dipping in AgNO3 solution is used 

potential as a function of titrant volume.The midpoint in the steeply rising portion of the 

Plotting the second derivative curve by calculating change in potential-

∆V2 or ∆2pH/∆V2 

values, are plotted aganist corresponding volume of the titrant. As shown in Figure 5, the 

) at the inflection point. Second derivative curve gives the 

Titrations involving oxidizing agents and reducing agents can be followed 

cator electrode. The apparatus for 

Cr2O7 from the 

burette, emf of the cell will increase first slowly, but at the equivalence point, 

there will be sudden jump in potential, since change in the ratio of Fe2+/ Fe3+ ions 

cipitation can also be followed potentiometrically by the 

use of active metal electrode. The titration of AgNO3 with the standard KCl 

solution is run from the burette. Ag electrode dipping in AgNO3 solution is used 
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as indicator electrode. As the titration proceeds the concentration of Ag+ ions 

decreases, due to the precipitation of  

Ag+ ions as AgCl. 

Ag+ NO3
- + K+ Cl-→  AgCl + K+ NO3

- 

And the reduction potential of indicator electrode goes on decreasing 

progressively on the addition of KCl. At the end – point the Ag+ concentration 

becomes very small on account of slight solubility of AgCl. If addition of KCl is 

continued the Ag+ ion concentration is not affected, except a very small decrease 

due to decrease in solubility of AgCl on account of common ion effect.  

CONDUCTOMETRIC TITRATIONS: 

Conductometry is a measurement of electrolytic conductivity to monitor a progress of 

chemical reaction.  

Principle: The principle of conductometric titration is based on the fact that during the 

titration, one of the ions is replaced by the other and invariably these two ions differ in 

the ionic conductivity with the result that conductivity of the solution varies during the 

course of titration. The equivalence point may be 

located graphically by plotting the change in 

conductance as a function of the volume of titrant 

added.  

Some Typical Conductometric Titration 

Curves are: 

1. Strong Acid with a Strong Base, e.g. HCl 

with NaOH:  

Before NaOH is added, the conductance is high due to the presence of highly 

mobile hydrogen ions. When the base is added, the conductance falls due to the 

replacement of hydrogen ions by the added cation as H+ ions react with OH− ions to 
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form undissociated water. This decrease in the 

conductance continues till the equivalence point. At 

the equivalence point, the solution contains only 

NaCl. After the equivalence point, the conductance 

increases due to the large conductivity of OH- ions  

2. Weak Acid with a Strong Base, e.g. acetic 

acid with NaOH:  

Initially the conductance is low due to the 

feeble ionization of acetic acid. On the addition of 

base, there is decrease in conductance not only due to the replacement of H+ by Na+ but 

also suppresses the dissociation of acetic acid due to common ion acetate. But very soon, 

the conductance increases on adding NaOH as NaOH neutralizes the un-dissociated 

CH3COOH to CH3COONa which is the strong 

electrolyte. This increase in conductance continues 

raise up to the equivalence point. The graph near 

the equivalence point is curved due the hydrolysis 

of salt CH3COONa. Beyond the equivalence point, 

conductance increases more rapidly with the 

addition of NaOH due to the highly conducting 

OH− ions. 

3. Strong Acid with a Weak Base, e.g. 

sulphuric acid with dilute ammonia: 

Initially the conductance is high and then it decreases due to the replacement of 

H+. But after the endpoint has been reached the graph becomes almost horizontal, since 

the excess aqueous ammonia is not appreciably ionised in the presence of ammonium 

sulphate 
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 4. Mixture of a Strong Acid and a Weak Acid vs. a Strong Base: 

In this curve there are two break points. The first break point corresponds to the 

neutralization of strong acid. When the strong acid has been completely neutralized only 

then the weak acid starts neutralizing. The second break point corresponds to the 

neutralization of weak acid and after that the conductance increases due to the excess of 

OH− ions in case of a strong base as the titrant. However, when the titrant is a weak base, 

it remains almost constant after the end point. 

5) Precipitation titration (KCl with AgNO3) 

 As KCl is strong electrolyte it will dissociate into K+and Cl− ion completely 

and hence numberof ions will be maximum in the solution and hence the solution will 

show high conductance. The addition of AgNO3drop by drop from burette, a precipitation 

of AgCl will occur. 

K++ Cl−+ Ag++ NO3
− = AgCl⇓ + K++ NO3

− 

Now, as AgCl precipitated, chloride ion is removed 

from the solution and nitrate ion is introduced in the 

solution. The titration will proceed each chloride is 

being replaced by a nitrate ion. The ionic conductance 

value of chloride and nitrate is comparable and hence 

there will not be any effective change of conductance. After reaching equivalent point 

when all the Cl−ion is consumed, additional addition of AgNO3will simply add more 

Ag+and NO3-in solution and hence conductance will 

increase again. 

Application: 

� Conductometric titration can be used with 

much diluted solutions and weak acids. 



349 

 

� It gives more accurate end-point. 

� Conductometric titration can be used with colored or turbid solutions in 

which end point cannot be seen by naked eye. 

� Conductometric titration can be used where there is no suitable indicator. 

� Conductometric titration also has many applications, i.e. it can be used for 

acid base, redox, precipitation, or complex titrations. 

� Since the end point is detected graphically, no keen observation is 

necessary near the end point. 

IRREVERSIBLE ELECTRODES 

Irreversible electrochemical cells arethe cells whose cell reactions cannot be get 

reversed when an external emf greater than its capacity is applied. (A cell which does not 

obey thermodynamic conditions of reversibility is known as irreversible cells).  

For example, a cell which has Zn as anode and Ag as a cathode with sulphuric 

acid as an electrolyte. The cell reaction at the anode is  

(Zn/H+/Ag)Zn(s)→ Zn+2
(aq) + 2e- 

In the presence of electrolyte (H2SO4) 

Zn + 2 H+→ Zn+2 + H2 

The cell reaction at the cathode is 

2 Ag + 2e → 2 Ag 

When an external emf applied to the cell, the chemical reactions are not reversed 

because one of the products of the reaction H2 gas is escaped from the reaction system. 

Dry cells are another familiar example for this type of cells. 
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III YEAR – V SEMESTER 

COURSE CODE: 7BCHE2A 

 

ELECTIVE COURSE II (A) – INDUSTRIAL CHEMISTRY 

Unit I 

1.1.Paints:  Paint – definition – classification of paints based on their applications – 
constituents – Requisites of a good paint 

1.2.Pigments:  Definition – composition, characteristics and uses of white lead, Zinc 
oxide Lithopone and TiO2 – Blue pigments – Ultra marine blue – characteristics – uses. Red 
pigments – red lead –characteristics and uses. Green pigments – chrome green, Guigwet’s green 
and chromium oxide – characteristics and their uses. 

1.3.Varnishes: Definition – constituents of varnish – characteristics of a good varnish – 
uses – Japans varnish. Enamel – definition – Types – Ingredients and uses. 
 
Unit II 

2.1.Ceramics: Definition, classification of ceramics, general properties of ceramics – 
permeable (porous) and impermeable (non porous wares) – Basic raw material –  Manufacture – 
applications of colour to pottery.  

2.2.Glass:Definition – physical and chemical properties of glass – raw materials – 
Manufacture – types of glasses. 

2.3.Cement:  Raw materials – Portland cement – composition – types of Portland  cement 
– Manufacture – Uses of Cement – Cement Raw Materials in India – Growth  of Cement 
Industry in India. Chemistry of setting of cements. 
 
Unit III 

3.1.Soap: Definition – General consideration in soap making – manufacture of soap –   
toilet and transparent soaps. 

3.2.Detergents: Definition – classification of face active agents – anionic detergents – 
cationic detergents – shampoo – raw materials 

3.3.Refractories:- Introduction, Classification – Properties – Manufacture – Fire clay 
bricks – manufacture – Uses 
 
Unit IV                         

4.1.Fertilizers: Definition – manufacture of Ammonium sulphate, CAN. Manufacture of 
urea and estimation of urea. Manufacture of phosphoric acid. Manufacture of superphosphates 
and uses of phosphate as fertilizer. Mixed fertilizers (NPK) – Fertilizer industries in India. 

4.2.Sugar Industry: Manufacture of sugar from molasses and beetroot – sugar industries 
in India. Fermentation: Manufacture of spirits and wines. Distillation: Manufacture of  vinegar 
and ethyl alcohol. 

4.3.Match industries:  Manufacture – chemistry of lighting and pyrotechny 
 
Unit V    

5.1.Adhesives: definition – classification of adhesives – animal glue – preparation – 
uses– protein adhesives – starch adhesives – preparation – uses. 

5.2.Enamels: Introduction – Raw Materials – Manufacture and Applications 
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5.3.Explosives: Definition – Classification – Characteristics of explosives – Nitro 
cellulose, T.N.T. Picric acid, Gun Powder, Cordite and Dynamite. 
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INDUSTRIAL CHEMISTRY 

UNIT I  

 
1.1 PAINTS 

 Definition: Paint is a mechanical dispersion mixture of one or more pigments in a 
vehicle which is spread over a surface and dries to leave a thin protective coating. 

Functions of paint: 

• Protect the surface from the environmental factors such as oxygen, other 
chemically active gases, moisture, dissolved salts, chemicals, temperature, 
bacteria, fungi etc. Corrosion protection is the most important function of paint. 

• Aesthetic appearance provided by the paint color and sheen (eggshell, satin or 
gloss). 

• Providing a desired ability of reflection-absorption of heat and light. 
• Changing the surface properties: antifriction, hardness, electrical conductivity. 
• Identification of products according to the color of the paint.  

Classification of paints based on their applications 

 Currently there is a wide range of paints available on the market, knowledge the 
bases, characteristics and properties of each family of paints, the selection of paints based 
on technical and economic requirements. Among the various forms of grouping families 
of paints available today, we can cite the following classifications: 

1) By the level of specific layer of the paint 

• Primers  
• Sealants  
• Topcoats  

Primers: The primers are the first layer of paint applied on the surface, the primers are 
designed and formulated to protect the surface against oxidation and corrosion and 
to be the basis for a good anchorage and adhesion for subsequent layers of paint. 

Sealants: Sealants are the layers of paint that are located between the primers and 
topcoats. They are generally used when apply putty, to seal and isolate putty to 
finish coat as well as improve adherence and support for the following layers of 
paint. 
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Topcoats: Topcoats refer to the entire set of paints that are used to colour the surface, 

are paints which are to be resistant to abrasion, ultraviolet light, chemicals, 

moisture, etc. ... due that kind of paints are in direct contact with the outside. 

2) By the different industrial sector usage 

• Paints for the automotive industry  

• Paints for general industry  

• Paints for the construction  

• Decorative paints (home)  

The paints are designed according to the sector which will go, for example primers used 

in the automotive sector are totally different from the primers used in the manufacture of 

ships, due to the different functional requirements (the paints of ships must be very 

resistant to humid environments and extremely saline) and the different materials on 

which the paint is applied (cars widely used aluminium and plastics of different 

compositions, while ship used primarily steel). 

3) By the number of coats applied in the paint system: 

• Direct paint  

• Monolayer  

• Bilayer  

• Trilayer 

Direct paint are those paints that are applied directly on the material or substrate, these 

paints offer some resistance to both oxidation and ultraviolet radiation and other external 

agents, providing directly the colour, gloss and aesthetic finish. 

Monolayers paints are known to the classical application of 2 coats of paint, primer plus 

enamel, the primer layer protects the material from oxidation and corrosion and promotes 

adhesion of the next layer of paint, the top layer commonly called enamel or direct gloss 

is provided by the colour, gloss and resistance to light and environmental agents. 

Bilayers correspond to the paint coating system consists of three layers, primer plus 

basecoat plus varnish, in this case the final finish is achieved by means of two different 

layers, basecoat is the first layer that provides colour and metallic effect, final transparent 

varnish layer provides gloss and protection against external agents. 

Trilayer paints, in which the paint application system consists of 4 layers, the first coat 

of primer and the last 3 layers correspond to the finish, with the latter three layers is 

achieved pearlescent or chameleon effects (colour change depending on the light 
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incidence and the angle at which we see) This type of paints are used primarily in tuning 

automotive sector. 

4) By the degree of emission of volatile compounds: 

• Powder paint  
• Water-based paint  
• Paint with high solids content  
• Solvent-based paint  

 For ecological reasons and job security, it has developed new ranges of paint that 
are designed to reduce the amount of solvents that are emitted and used during mixing, 
application and curing paint, due it produces a source of emission of volatile organic 
compounds (VOC's) harmful to both humans and the environment. 

 Powder paints are more environmentally friendly due it does not require or contain 
any concentration of solvents, water-based paints contain a tiny concentration of solvent 
which is negligible, follow the high-solids content paints which require less amount of 
diluent to the solvent based paints. 

5) By the chemical backbone: 

• Epoxy paints  
• Polyurethane Paints  
• Acrylic Paints  
• Alkyd paints  
• Polyester Paint  
• Vinyl paints  
• Rubber paints  
• Silicate paints  
• Silicone paints  
• Etc ...  

 Due to the chemistry of the base resin or polymer base, each type of paint provides 
qualities and characteristics which can be improved by the addition of the fillers and 
additives, such as silicone-based paint are paints that repel water and facilitate cleaning of 
graffiti, silicate based paints are highly resistant to temperature are thus resins used in 
anti-heats paints. 

Requisites of a good paint: 

It should be fluid enough to be spread easily over the protected  surface. 
It should possess high covering power. 
It should form a quite tough, uniform, adherent and impervious film. 
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Its film should not get cracked on drying. 
It should protect the painted surface from corrosion effects of  environment 
Its should form film the colour of which is quite stable to the effect of atmosphere 
and other agencies. 
Its film should be glossy. 
Its film should be stable. 
It can be prepared in such a consistency as to be easily applicable  with brush or 

spraying device and that it yields a smooth and  uniform surface. 

Constituents of Paint 

The chief constituents of a modern paint are i) pigment ii) vehicle or drying oil iii) 

thinners iv)driers v) extenders or fillers vi) plasticizers vii) antiskinning agents 

1.2 PIGMENT 

 The word “paint” is always associated with some colour. Indeed the first 

component of any “oil paint” is the pigment which gives a particular colour to the paint. 

But the functions of pigments are many. 

• The Pigment should be chemically inert so that paint film has stability and longer 

life, Non - toxic so that there is no bad effect on the health of painter as well as 

inhabitants. 

• Freely mixable with  film forming constituent, oil, it should be cheap 

• The pigment hides the surface it does not allow light to pass through it and make 

the surface visible. The hiding power or opacity of a pigment is moreit its 

refractive index is more, relative to the refractive index of the oil in which it is 

dispersed. For example if the refractive index of the oil is 1.5, Zinc sulphide while 

pigment with refractive index equal to 2.37 will have more hiding or covering 

power than zinc oxide having the index equal to 1.99. the more the hiding power, 

the less will be the weight of paint required per unit area of the surface. 

• The pigment strengthens or reinforces the oil film which ultimatrely solidifies into 

the coating on the surface of the metal or material. Without pigments, the 

solidified oil film will be too soft and too easily worn out. 

• The pigment can impart corrosion resistance. For example, pigments like red lead, 

yellow zinc chromate actually help in passivating steel surfaces and make them 

resist atmospheric corrosion. So they are applied as essential prime coats in highly 

corrosive atmospheres like chemistry laboratories. 
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• The pigment can prevent the evaporation losses. For example, TiO2 in the rutile 

form shows a very high capacity to reclect out all wavelengths of light. So petrol 

tanks can be coated with paint containing TiO2 to decrease the heating effect of 

sun. Similarly, buildings in tropics can be painted with TiO2 pigments to keep 

them cool inside. 

2)  VEHICLE OR DRYING OIL  

It is a film- forming constituent of the paint. These are gyceryl esters of high molecular- 
weight fatty acids generally present in animal and vegetable oils 

CH2COOR 
CHCOOR 
CH2COOR 

Oils containing conjugated fatty acids. Dry faster than those with non-cojugated 
unsaturation. Drying oils take up oxygen from the air quickly and dry to an 
adherent,horn- like substance. 

Classified  into 

  Drying  Oil 
Semi  Drying  Oil 
Non  -  Drying  Oil 
 

Drying  Oil :Drying oil are containing high percentage of conjugated fatty acid ester, and 
they dry quickly by absorbing oxygen to adherent, horn- like  solid  substance .  Example 
: Linseed oil, tung oil, dehydrated castor oil etc. 

 

Semi-drying  oils :  Semi– drying oil are oils containing low percentage of conjugated 
fatty acid  esters or high percentage of unsaturated fatty acid esters containing one double  
bond only. They dry very slowly in air and are not used in paints as such.  However, they 
are used as blending  agent with other drying oils to get desired film on  drying . 
Examples :Soyabean  oil,  rosin   oil,   fish  oil, etc. 
 

Non–drying  oil : Non–drying oils are oils containing only saturated fatty acid esters . 
They do not dry at all, even on long exposure to air. Example: Mustard oil, sunflower oil, 
etc., 
 

Mechanism of drying of drying oils 
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 Drying oils are the film forming constituents of paints. These are glyceryl esters of 
high molecular weight fatty acids. 
 

C H
3

C H
3

C H
3

C H 2 C O O (C H 2) 7

C H C O O (C H 2)7

C H 2 C O O (C H 2)7

C H C H C H 2 C H C H (C H 2)4

C H C H C H 2 C H C H (C H 2)4

C H C H C H 2 C H C H (C H 2)4  
 

 The mechanism involves oxidation, polymerization and condensation reactions. 
The oil containing conjugated double bonds dry faster than the non-conjugated double 
bonds. 
 
Step1 : The oil absorbs oxygen and gives di radical 

 
 

Step 2 :The diradical again reacts with oxygen and fatty acid group to give peroxy and 
poly peroxy radicals 

 
Step 3: Poly peroxides decomposed by heat and light to give alkoxy radicals (RO.) 
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Step 4 : These alkoxy radicals react with other fatty groups and form ether linkages 
Thus various oil molecules are linked through ether linkages and forms a highly cross-
linked molecular film 

C H
3

C H
3

C H
3

C H 2 C O O (C H 2)7

C H C O O (C H 2)7

C H 2 C O O (C H 2)7

C H C H C H 2 C H C H (C H 2)4

C H C H C H 2 C H C H (C H 2)4

C H C H C H 2 C H C H (C H 2)4

O O

O O

O O

O O

 
3) THINNERS 
Thinners are used to  

� reduce the viscosity of the paint to a suitable consistency, so that it can easily be 
handled and applied  

� dissolve vehicle and all the other additives in the vehicle  
� suspend the pigments  
� increase the penetration power of the vehicle  
� increase the elasticity of the paint film  
� help the drying of the paint film.  

Thinners should be colourless, miscible with vehicle, should be volatilize at a moderate 
rate and have no effect on the pigments. Turpentine (it is obtained from the resinous 
materials present in the pine tree) petroleum spirit, aromatic hydrocarbons, esters, 
alcohols etc. are used as thinners.  
4) DRIERS. 
 Straight drying oils are dry slowly and the process is accelerated by the addition of 
certain metals in the form of oil soluble compounds. These are oxygen carring catalysts. 
They accelerate the 
drying of the oil film through 
oxidation and condensation. 
Thus their main function is to 
improve the drying quality of 
the oil film. 
The most effective dirers are 
resonates, linoleates, 
tungstates and naphtheneates 
of Co, Mn, Pb and Zn. 
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Co substances are the most efficient of all and are surface driers. Pb substances are 
bottom driers while Mn substances are through driers. Too much of driers tends to 
produce hard and brittle films. The action of the driers does not cease once the film is 
dry. It continues throughout the life of the film and contribute to the breakdown of the 
film. Moreover excessive driers in a paint may result in the surface drying faster than the 
interiors. 
 
5) EXTENDERS OR FILLERS 
 These are low refractive index materials, generally of white in colour added to (1) 
reduce the cost. (2) increase durability of the paint film (3) provide negligible covering 
power of the paint. (5) help to reduce the cracking of dry paint and sometimes help to 
keep the pigments in suspension. (6) serve to fill voids in the film. (7) increase random 
arrangement of pigment particles. (8) act as carriers for the pigment colour. Eg.Barites, 
talc, asbestos, ground silica, gypsum, clay calcium carbonate etc. 
 

6) PLASTICIZERS.  
It is used (1) to provide elasticity to the film and also (2) to minimize its cracking. 
Common plasticizers used are tricresyl phosphate, triphenyl phosphate and tributyl 
phosphate. 
 

7) ANTISKINNING AGENTS are sometimes added to some paints with the object of 
preventing gelling and skinning of the paint film. Only very small amount of anti-
skinning agents are needed to prevent skin formation. Typically is a fraction of less than 
1% of the total formulation necessary. Important antiskinning agents are polyhydroxy 
phenols. 
 

IMPORTANT PIGMENTS 

 Pigments are the solid particles which are suspended in the paint vechile and 
which primarily give the paints their “opacity” and “colour “ .Pigments can be either 
natural products. Which have been finely ground during manufacture, or they can be 
synthetic materials precipitating from solutions. Pigment particles have be individually 
suspended in the vechile. Pigments can be divided most conveniently into the following 
types : 

White lead (2Pb(CO3).Pb(OH)2) is the oldest pigment which dominated the paint 
industry, but is now generally way out. Its advantages are : i) mixes well with oil ii) 
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forms cheap and satisfactory base for ordinary paint iii) has high covering power iv) can 
be easily applied and v) forms quite adhesive film, lacking of porosity. 

But it has following disadvantages: (i) it is heavy and paints containing white lead are 
difficult to stir, since it tends to settle down slowly 

ii) It tends to blacken (or tarnish) with time, as it is attacked by atmospheric hydrogen 
sulphide to form black lead sulphide. It gradually becomes chalky and finally wears off.   

 2Pb(CO3).Pb(OH)2 + 3H2S                         3PbS +2CO2 +4H2O 

iii) it is poisonous and injurious to the health of those who handle it. 

Uses : it is used mainly in priming paints and undercoats. It is an ideal primer for wood-
work. 

Zinc oxide is an important white pigment of: i) high opacity ii) high covering power (less 
than white lead) and iii) it imparts a protective character to films iv) it gives pure white 
colour. This is not affected by any gas in the atmosphere. (v) it is easily wetted by oils. 
Moreover, it prevents the premature chalking (destruction) of paint vehicle. Due to its 
efficient absorption capacity for ultra- violet rays and by forming zinc soaps with oils. 
But it is more costly than white lead and possesses a pronounced tendency of dry 
hardened. Paint films containing only zinc oxide pigment cracks excessively and may 
peel off in large sheets. Particularly in exterior paint climates. 

Titanium dioxide or Titaniais one of the most valuable brilliant white pigment. Due to 
its high refractive index (3.52 to 2.71) it possesses excellent hiding power. Although it is 
costly, yet it is very economical as the cost per unit of hiding is low. It is used for 
painting gasoline and solvent storage tanks. 

Lithophone(BaSO4 + ZnS ) is formed by the double precipitation of barium sulphate and 
zinc sulphide. 

BaS + ZnSO4                       BaSO4 + ZnS  

It is a cheap. Brilliant white pigment with fair covering power and extensively used in 
interior wall coatings. But lithophone has the disadvantages of getting grey. When 
exposed to sunlight. The cause of this action is the presence of impurities. Notably 
chlorides. Hence great attention is to be paid to the purification of the raw materials. 
Another method of rendering lithophone light- proof is to add to it small amounts of salts 
of vanadium. hromium. Tungsten or mixture of thiosulphates.Sulphides and polythionates 
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with ammonium salts.Titanated- lithophone (containing 85% lithophone + 15% TIO2 ) is 
also non-sensitive to light. 

COLOURED PIGMENTS : 

Guignet’s green 

 It is a very stable and powerful cold green pigment. It's a Chromium oxide 
dihydrate. Guignet of Paris patented the process for manufacturing viridian or transparent 
oxide of chromium in 1859. Its excellent permanence and lack of toxicity could replace 
all other greens, both ancient and modern.  

Chromium Oxide Green 

 It is the inorganic compound of the formula Cr2O3. It is one of principal oxides of 
chromium and is used as a pigment. In nature, it occurs as the rare mineral eskolaite. 
Because of its considerable stability, chromia is a commonly used pigment and was 
originally called viridian. It is used in paints, inks, and glasses. It is the colourant in 
"chrome green" and "institutional green." Chromium Oxide Green pigments are very 
stable green pigments which are unaffected by acids, alkalis and solvents. They are heat 
stable and offer excellent value, lightfastness and weatherability. 

Prussian blueFe4(Fe(CN)6)3 is a very strong blue pigment. Stable in light and air. Its 
main drawback is its instability against alkalies. It is used in latex paints. Printing inks 
and architectural paints. 

Ultramarine blue( a complex silicate ) has a rather less strong colour than Prussian blue. 
It is not to be used for coating iron and should not be mixed with lead pigments. It is 
satisfactory for painting on wood. 

Cobalt blue is a costly pigment and very rarely used in paints. 

Red lead (Pb3O4) or minimum is the traditional red pigment. Which has a beautiful post 
office red colour.And also a fair protecting action on steel and wooden surfaces. The red 
colour is stable to light and possesses corression inhibition properties for iron and steel 
and is. Therefore. Extensively used in “primer” coat for iron and steel.  

Ferric oxide (Fe2O3) or Indian red is an important red pigment. But because its colour is 
not pure red.But rather brownish.Its uses is restricted to undercoating for darker shades. It 
s ideal for painting on iron. 
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1.3 VARNISHES 

 Varnish is a homogeneous colloidal dispersion-solution of natural or synthetic 
resin in oil or thinner or both.  It is used as a protective and/or decorative coating of 
suitable surfaces and dries by evaporation. Oxidation and polymerization of its 
constituents :leaving behind a hard.  transparent.  Glossy.Lustrous and durable film.  
There are two main types of varnishes. Namely: 

 (1) Oil varnishes (or Oleoresinous varnishes) are homogeneous solutions of one 
or more natural or synthetic resins in a drying oil and a volatile solvent.  The presence of 
oil reduces the natural brittleness of the pure resin film.  This type of varnish dries up by 
the evaporation of the volatile solvent. Followed by oxidation and polymerization of the 
drying oil. Consequently,  such varnishes take comparatively longer period (about 24 
hours) for drying. But the film produced is hard, quite lustrous and durable, an example is 
copal varnish (prepared by dissolving copal in linseed oil and mixing a quantity of 
turpentine).  They are used for exterior as well as interior works. 

  2) Sprit varnishes contain a resin dissolved in a completely volatile solvent.  
Such a varnish dries by the evaporation of the solvent.  Spirit varnish dries quite rapidly.  
But leaves behind a film which is brittle and so has a tendency to crack or peel off.  
Moreover, the film is easily effected by weathering.  An example is spirit varnish (a 
solution shellac in alcohol).  Such varnishes are used.  Usually, for polishing wooden 
furniture. 

Characteristics of a good varnish:  A good varnish should possess the following 
characteristics.  It should:(1) be soft and tender.  (2) adopt itself to the contraction 
/expansion of coated-material like wood,  due to temperature variations.  (3)  dry quickly. 
(4) produce a protective film (a hard, tough, durable and quite resistant to wear and tear).  
(5)  produce glossy ad shining film on drying. (6) yieldasthetical appealing film.  (7)  
yield elastic film,which does not crack or peel off on drying.  8) does not fade or change 
on exposure to atmospheric weather conditions.  (9)  Not shrink or crack after drying. 

Constituents of a Varnish:  (1) Resins in use are: (a) Natural resins (like shellac, kauri, 
rosin, copal, dammer, manila, etc.,), and (b) Synthetic resins (like phenol aldehyde, 
alkyds, urea-formaldehyde, terpene polymers, etc.,). 

     The resins, in general, are characterized by high resistance to weathering and chemical 
action, elasticity of film, good adhesion, high lustre, and in certain cases, high colour 
stability to heat and light.  Thus, resin in varnishes provides an element of hardening, 
resistance to weather durability, resistance to chemical action and water-proofness. 
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     (2)  Drying oils:  Principal oils used are linseed oil, tung oil, dehydrated castor oil, 
soyabean oil, oiticica oil, perilla oil, fish oil, etc., They dry by oxidation and 
polymerization. 

     (3) Solvents or thinners, usually, employed are turpentine, petroleum spirits, coal-tar 
naphtha, kerosene, xylol, tolyl butyl and ethyl alcohols, amyl acetate, acetone, etc., 

 (4)  Driers are added to enhance the drying rate of oil constituents.  These include pb, 
Co, and Mnlinoleates, napthenates, resonates, etc.  

 (5)  Anti skinning agent like tert-amyl phenol, guiacol, etc., 

Uses of Varnishes:  (1) For the protection of articles against corrosion:  (2) as a 
brightening coat to painted surface.  Thus, surface is first coated with paint and over it is 
then applied a coat of varnish.  Which eliminates the effect of atmospheric oxygen, 
thereby preventing corrosion:  (3) for improving the appearance and intensifying the 
ornamental grains of wood surfaces. 

ENAMEL 

 Enamel is a pigmented-varnish (i.e., an intimate dispersion of pigments in a 
varnish).  They, on drying, give lustrous, hard and glossy finishes.  The properties of 
enamel vary widely, depending largely on the nature of the varnish’s vehicle and resin.  
The drying:  1) may occur at room temperature (air-drying enamel) by oxidation and/or 
polymerization: or 2) may be brought about at elevated temperatures either in the 
presence or absence oxygen (baking enamel). 

Constituents of enamels: (1) pigments used are, usually, white, soft a d fine in texture.  
Commonly used pigments are titanium dioxide and calcium sulphate mixture.  When 
coloured pigments are used, the enamels are called Japans.  Black Japans (prepared by 
dissolving asphalt in linseed oil plus turpentine or spirit) are very useful for painting 
metallic surfaces like bicycles, bed steads and electrical devices.  Metallic surface painted 
with Japan is baked at 2100C for 3-4 hours and then cooled.  Oil gets quickly oxidized by 
heat and the coating so-produced is highly resistant to corrosion and common chemicals. 

2) Vehicle may be pure resin or oleoresinous.  Natural resins (like rosin) and synthetic 
resins (like aalkyd resins) are used as pure resin vehicle.  In oleoresinous vehicles, 
synthetic resins like phenol-aldehyde plus oil (like linseed, soyabean or fish oil) are used. 

3) Driers are used only in case of oleoresinous enamels.  The commonly used driers are 
resonates and oleatesof  Co, Mn and Zn. 
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4) Thinner commonly employed is turpentine or acetone 
LACQUERS 

Defnition: A lacquer is a colloidal dispersion or solution of a cellulose derivative, resin 
and plasticizer in solvent and diluents.  Lacquer dries in air, principally, by evaporation 
of solvents, yielding a transparent, hard and water-proof film. 

Constituents of lacquers:  1. Cellulose derivatives (like cellulose nitrate,cellulose 
acetate, ethyl cellulose, cellulose acetobutyrate, etc.,p) 

Lacquers Provide: i) water-proofness ii) hardness and iii) durability to the finish. 

2. Resins used are phenol-aldehyde, alkyd, coal, dammer, ester gum, etc. Their function 
is to increase the solid contents so as to enhancer:  (i) thickness of film. (ii) retention of 
original gloss. (iii) adhesion, and (iv) water-resistance. 

3. Plasticizers like castor oil (raw or blown).  Blown soyabean oil, tricresyl phosphate, 
dibutyl phthalate, etc., are added to:  (i) reduce brittleness, (ii) improve adherence, and 
(iii) improve ductibilityand  flexibility of film. 

4. Solvents used are ethyl aacetate, butyl acetate, ethyl lactate, methyl-ethyl ketone, etc.  
tgeur function is to dissolve the film-forming substance, viz., cellulose derivatives and 
resins. 

5. Diluents used are toluol, benzol, solvent naptha, petroleum naphtha, etc.  They are 
added to reduce the viscosity (or consistency) as well as the cost. 

Uses of lacquers:  (1) For interior decoration like paintings of wool-work and furniture.  
(2) For giving a finishing coat to automobile bodies, due to their resistance to abrasion, 
cracking, chalking, etc.  (3)  In coating cotton fabrics, which are used in preparing 
artificial leathers, etc.  
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UNIT II: CERAMICS, GLASS AND CEMENT 

2.1. CERAMICS 

2.1.1. Definition  

Ceramics are inorganic, non-metallic materials. It is processed at high temperature. They include 

silicates, metallic oxides and their combination. 

2.1.2. Classification of ceramics 

Ceramics are classified into two major types. 

1. Pottery products 

2. Refractories 

Types of Pottery products 

1. Terra Cotta: 

Unglazed porous pottery wares are called terra cotta they are made from common red clay which 

contains iron oxide as impurity. Bricks, tiles and hallow wares belong to this class. These are 

used as building materials. 

2. White wares:  

Porcelain wares and glazed pottery belong to this glass. These are white translucent and non-

porous wares made from chain clay (kaolin) mixed with feldspar. (KAlSi3O8). These raw 

materials contain a little or no iron oxide, white ware find applications as wash basins, crucibles 

and spark plugs laboratory wares sanitary wares. 
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3. Earthen wares: 

 These are porous pottery products made from red and white clays mixed with sand crushed 

pottery etc. It is fired and then coated with a glaze. It is harder than terra cotta and used as 

sanitary wares. 

4. Stone wares:  

These are non-porous stone like clay products made from refractory clays mixed with crushed 

stones, crushed pottery etc. Stone wares are fired at high temperature and then glazed, they find 

applications as sewage pipes, fume pipes for keeping acids etc. 

2) Refractories 

Refractories are inorganic materials that can withstand high temperatures without softening or 

undergoing any deformation in shape. Examples: Silica, alumina, fire-clay refractories, zirconia 

bricks, etc. 

Uses 

1. Refractories are used for the construction of lining of the furnaces, kilns, crucibles etc. 

2. They are employed for the manufacture of cement, glass, ceramics, paper, metals etc. 

 
2.1.3. General Properties of ceramics 

1) Permeable or porous wares 

Permeable ceramics materials absorb water. It shows a rough fracture and sticks to the tongue 

when tested in this fashion. Example: Heavy clay ware, refractory ware, terracotta and earthen. 

2) Impermeable or non-porous wares 

Impermeable ceramics materials absorb very little or none water. Example: Stone ware, vitreous 

china and porcelain.    

Raw Materials: 

1. Clay, Feldspar, sand 
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2. Clay: Clay is a product of decomposition of the mineral feldspar and is more or less 

impure hydrated aluminium silicate 

3. Feldspar: Most abundant in crystalline rocks, eg, Granite feldspar are in soluble in water 

but attacked by the atmospheric carbonic acid and undergo decomposition with the 

formation of alkali carbonate aluminium silicate and sand. 

4. Sand:  Silica 

2.1.4. Manufacture of ceramics 

Basic raw materials of ceramics 

 The raw materials for making ceramics can be divided into three basic groups: 

i) Plastic materials – clay 

ii) Non plastic or leading admixtures – silica (quartz, sand), cursed chamotte 

iii) Fluxes or mineralizes – Feldspar (K, Na)2O.Al2O3.6SiO2, CaCO3, MgCO3 

1) Preparation of slip 

 Clay, feldspar, sand, etc., are mixed with water and stirred in a revolving blunger. A 

cream like paste is formed. It is known as slip. The slip is filtered through vibrating screen and 

removes the coarse materials. 

2) Filtering and aging 

The slip is passed through filter paper. Water is removed and moist cake is obtained. The 

moist cake contains 10-30% of water. The moist cake is stored in damp cellars for a few weeks. 

This is called aging of the slip. This process increases the elasticity of the clay. 

3) Shaping of the articles 

The shaping of the articles is done by potter’s wheel. When cast is required, Na2CO3 or 

K2CO3 or water glass is added to the clay.  

4) Drying the articles:The articles are dried in air or warm air circulated chambers. 

5) Firing  
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During the process of firing the following changes occur: 

i) At 150-600 oC, water is completely removed. 

ii) At 800-900 oC, lime stone is decomposed. 

iii) At 350-900 oC, ferrous salts and organic matters are oxidized. 

iv) At 1200-1300 oC, metallic oxides combine with silica to form metallic silicates. 

After the firing, the article is porous like biscuit. It is called biscuit.  

6) Glazing of biscuit 

Dipping, pouring, spraying, dusting, volatilization, etc., are the methods of applying the 

glazes on the articles. The biscuit is again fired in a furnace at a temperature 700-990 oC. During 

firing, the article appears as smooth and shinning. SiO2, Al2O3, lead oxide, ceric oxide etc., are 

the examples of the glazes. The glazes contain at least one alkaline earth metal. 

7) Colouring of the articles   

The colouring agent is mixed in glaze components. Example: cobalt oxide – blue, copper 

oxide, chromium – green or red, iron oxide – yellow, orange or red, gold chloride – pink, MnO2 

– violet, TiO2 – faint yellow, etc.      

2.1.5. Applications of colors to pottery 

 Colours to the pottery are applied by the following methods. 

1. Painting, a) Hand painting and b) Lining banding 

2. Spraying 

3. Stenciling 

4. Stamping 

5. Printing lithography 

6. Silk screen painting 

7. Ground laying 

8. Sgraffito decoration 

9. Gilding 

10. Relief decoration 



369 

 

1) Painting 

a. Hand painting 

 This is old method of colouring of pottery. The colour is mixed with oil and turpentine. 

This is applied to the ware by the use of brush.  

b. Lining banding 

Banding machines contain three or more adjustable brushes. Each brush is connected 

with separate colour container. In this manner three or more bands of different colour can be 

made at the same time.  

2) Spraying  

Large coloured areas are produced by using spraying. The combining method of spraying 

and stencils are used for producing the white designs on coloured background. 

3) Stenciling 

Positive or negative paper pattern is produced on the surface of the article. It is dipped into a 

coloured glaze or sprayed over with colour. The paper is removed subsequently.  

4) Stamping 

The rubber stamps are charged with colours from a pad covered with a layer of sticky 

pigment. The pattern is transferred to the ware by pressing the rubber stamp against surface of 

the ware. 

5) Printing 

A sticky mixture of the colouring material and linseed oil is spread over copper plates 

with the help of spatula. The plate is covered with a sheet of thin paper. It is placed on a steam 

heating printing table. As a result, the design is transferred to the paper. The paper pattern is 

rubbed on the pottery by rollers. The article is dipped in water and the paper is detached.  

6) Lithograph printing 
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 Lithograph printing is art of drawing and printing from stone. It is used to incorporate the 

design on large coloured areas and several different colours. 

7) Silk screen printing 

Silk screen consists in rubbing or squeezing colour through a pattern. This method is 

useful for printing patterns on both round and flat surfaces.  

8) Ground laying 

 In this process the area is first covered with linseed oil and terpenine. The powder 

ceramic colour is dusted on the sticky surface and excess dust is blown off. 

9) Sgraffito decoration 

 The fired article is covered with a thin layer of slip of a different colour. The covering 

layer is dried and scrapped off. The articles is then fired and glazed. 

10) Gilding  

 The precious metallic powder such as gold, platinum, silver, etc., are applied on ware as 

an overglaze decoration.   

11) Relief carving 

 The ornament is scratched from the surface. The scratched relieves are applied on the 

ceramic ware.    

2.2. GLASS 

2.2.1. Definition 

Super cooled liquid of silicates of two or more metal with transparency is called glass. Glass 

is amorphous, hard, brittle, transparent, super-cooled liquid of infinite viscosity. It is obtained by 

fusing a mixture of a number of metallic silicates. It possesses no sharp melting point, definite 

formula or crystalline structure. It may be represented as xR2O.yMO.6SiO2. Where x and y are 

number of moles, R is an alkali metal and M is a divalent metal. The composition of ordinary 

glass is Na2O.CaO.6SiO2. 
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Softglass:Na2O.CaO.6SiO2 

Hardglass:K2O.CaO.6SiO2 

2.2.2. Physical properties of glass 

i) They are usually transparent amorphous solids. 

ii) Glass is completely vitrified product. 

iii) They are hard and rigid and have no definite melting point. 

iv) They have sufficiently high viscosity. (greater than 1013 poise). 

v) They are insulator of heat and electricity. 

vi) It is colouring material, preserving transparency 

2.2.3. Chemical propertiesof glass 

1. Glass is not affected by air and oxidizing agents. 

2. Ordinary glass is readily attacked by alkalies, but very resistant to acids expect 

hydrofluoric acid. Glass is a silicate and HF reacts with in to form SiF4 gas and 

fluorides of metals. 

  Na2O.SiO2 + 6HF → 2NaF + SiF4 +3H2O 

  CaO.SiO2 + 6HF → CaF2 + SiF4 +3H2O 

3. Ordinary glass is alkaline in reaction. The water slowly reacts on glass, to form NaOH. 

This reaction is enhanced in the presence of acids. 

4. If acids kept in glass bottles for long time, silicic acid is deposited on the glass of 

bottles. The glass is known as neutral glass like Pyrex glass which contains small 

amount of alkali silicate.  

5. Glass is fused with excess of fusion mixture. It decomposes into alkali silicates and 

carbonates of other metals. The resulting mass is cooled and treated with dil. HCl to 

form silicic acid and chlorides of metals. 

2.2.4. Manufacture of glass  

Raw materials  

1. Sodium is soda, Na2CO3 – Soft glass 
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2. Potassium is potash, K2CO3 – Hard glass 

3. Calcium is limestone, chalk and lime. 

4. Lead is litharge and red lead – flint glass. 

5. Silica is quartz, white sand and ignited flint. 

6. Zinc is zinc oxide – Heat and shock-proof glass. 

7. Borate is borax and boric acid – Heat and shock-proof glass. 

8. Cullets or pieces of broken glass to increase the fusibility 

9. Colours:  

a) Yellow – ferric salt 

b) Green – ferrous and chromium salts 

c) Blue – cobalt salts 

d) Purple – manganese salts 

e) Red – nickel or Cu2O 

f) Lemon yellow – CdS 

g) Fluorescent greenish-yellow – uranium oxide 

h) Opaque milky white – cryolite or calcium phosphate 

Manufacturing steps 

1) Fusion of raw materials 

 Fine powder ofNa2CO3, CaCO3 and sand are mixed together in proper proportions, is 

called batch. This is mixed with pieces of scrap glass, which is known as cullets. These mixture 

are fused either in the pots of the pot furnace or in the tank of the tank furnace. The furnace is 

heated by producer gas, on the regenerative principle of heat. The following reaction takes place:      

 Na2CO3 + CaCO3 + 6SiO2 → Na2O · CaO · 6SiO2 + 2CO2↑ 

 In beginning, considerable frothing is produced on account of the formation of CO2. On 

Continued heating, the whole of the CO2 escapes out. A clear, viscous, fused mass is obtained. 

To get coloured glass, colouring material is added. The mass is heated till it becomes 

homogeneous.  

2) Shaping 
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 The fused mass is allowed to cool and then blown into moulds. The desired shape of the 

article is formed. If the sheet glass is required, it is between the rollers. 

3) Annealing 

 The shaped glass articles are cooled slowly. This process is known as annealing. During 

this process, the molecules of glass arrange themselves without strain. If the articles are cooled 

quickly, they become brittle on account of high strain.   

4) Finishing 

 After annealing, the articles require some finishing touch such as cutting, grinding, 

polishing, etc. The finished products are sent to the market.  

2.2.5. Types of glass 

1) Soda glass or soft glass or ordinary glass  

It is a mixture of sodium and potassium silicates.The chemical formula is Na2O · CaO · 6SiO2.  

Almost 90 % of glass belongs to their category. It is used in making glass plates, window pants, 

bottles, jars, table-wares etc 

2) Potash glass or hard glass 

It is a mixture of potassium and calcium silicates. The chemical formula is K2O · CaO · 6SiO2.  

Being resistant to reagents, hard glass is widely used in making chemical apparatus 

3) Potash-lead glass or flint glass 

 It is a mixture of potassium and lead silicates. The chemical formula is K2O · PbO · 

6SiO2. It is high refractive index 

Preparation: K2CO3 + Red lead + 6SiO2 → Na2O · CaO · 6SiO2 + 2CO2↑ 

Properties: 

i) It is lustrous and transparent product. 

ii) It has. Hence, it is soft and scratches easily. 
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Uses: It is used in making prisms, lenses, optical instruments, electric blubs, etc. 

4) Jena glass 

i) Jena glass is a mixture of barium and zinc boro-alumino silicates. 

ii) It contains BaO.ZnO.Al2O3 and B2O3.  

iii) It has low coefficient of expansion.  

iv) It is resistant to heat, shock, acid and alkali. 

5) Pyrex glass 

i) Pyrex glass is a mixture of boro and alumino silicates of Zn and Ba.  

ii) The composition is 80% of SiO2, 4% of Na2O, 0.5% of CaO, 0.5% of K2O, 12% of B2O3 

and 3% of Al2O3. 

iii) It can withstand sudden changes of temperature.  

iv) It is used in making laboratory glass wares such as flasks, beakers, etc.   

6) Crooke’s glass 

i) Crooke’s glass contains oxides of Pb, Ba, Zn, Cd or Mg.  

ii) Cerium oxide is also added. This oxide cuts ultraviolet rays.  

iii) Thus, this glass used in making special type of lenses. 

7) Quartz glass or silica glass 

i) Quartz glass is prepared by melting of silica in the electric furnace. 

ii) It has low coefficient of expansion. 

iii) It does not break. 

iv) It can withstand a temperature of over 1000 oC. 

v) It is resistant to chemical reagents. 

vi) It is used in making tubes, crucibles, basins, etc. 

vii) Vitreosil is an opalescent form of quartz glass.  

8) Crown glass: A partial replacement of silica by P2O5 gives crown glass. 

9) Ground glass: It is prepared by grinding ordinary glass by emery and turpentine oil or by sand 

blasting. 

10) Safety glass 
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i) Safety glass is prepared by a layer of transparent plastic between two layers of glass by 

means of suitable adhesives. Transparent plastic is a sheet of vinyl acetate resin. The 

three layers are joined together tightly by the action of heat and pressure. 

ii) It is does not break under heavy impact. 

iii) This glass does not shatter because they are held by plastic. 

 

The following table gives the different types of glass, their properties and uses. 

Sl. 

No. 

Type Special additives Property Use 

1 Soda glass Aluminium oxide 
Fuses easily at relatively 
low temperature. 

Window panels, 
bottles, tumblers 

2 
Borosilicate 
glass 

Boron 
Withstands high 
temperature fluctuations 

Laboratory 
equipments. 

3 Lead glass 
Lead oxide, 
potassium 
carbonate 

Highly transparent; high 
refractive index; absorbs 
radiations 

Lenses, prisms, 
window panels of 
nuclear installations. 

4 Coloured glass Metal oxide 
Choice of metallic oxide 
is decided by the colour 
to be imparted 

Window panels, 
decorative materials. 

5 Safety glass  

Synthetic plastic 
is sandwiched 
between two thin 
glass sheets 

Withstands high stress. 
Sharpe edges are not 
formed when it break             
(it is splinter-proof) 

Windshields of 
automobiles, bullet-
proof glass 

6 Fibre glass 

Molten glass is 
drawn into thin 
fibres and sheets 
prepared. 

Light, strong and fire-
proof 

Fire-proof curtain 
dresses, manufacture 
of parts of 
automobiles. 

 

2.3. CEMENT 

2.3.1. Definition 
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A material possessing adhesive and cohesive properties, and capable of bonding other 

materials like stones, sand, bricks, building etc. is called as cement. The cements have the 

property of setting and hardenings under water, some chemical reaction with it are, therefore 

called hydraulic cement. 

2.3.2. Manufacture of cement 

Raw materials: 

1. Calcaerous materials like lime, chalk, etc. 

2. Argillaceous materials like alumina, silica, clay, etc. 

3. Powdered coal. 

4. Gypsum (CaSO4⋅2H2O). 

Manufacturing steps: 

1) Mixing of raw materials 

(a) Dry process 

Lime stone as well as clay are separately crushed into 2-5 cm size and converted into fine 

powder by ball mills. These powdered materials are mixed together and stored in storage bins 

(silos). 

(b) Wet process 

Lime stone are crushed and stored in big storage tank. Clay mixed with water and washed 

several times. Both materials are allowed to flow in a channel and grinding where they are 

converted to paste called slurry. Slurry has 40% of water. 

2) Burning 

Raw mixture is burnt by rotary kiln. Rotary kiln is a steel tube; it has 3m diameter and 

120m length. Its inside lined with refractory bricks and rotation speed of kiln is 1 rpm (rotation 

per minute). Hot flame is produced by injecting coal and air, about 1750ºC. Raw mixture is 

injected into upper part of the kiln. Due to the slope of kiln, the mixture fed in move towards the 

hottest end about 15m per hour.  



377 

 

 

Upper part - water is evaporated at 400ºC. 

Central part - slurry is decomposed to form CaO and CO2 at 1000ºC.  

Lower part - CaO reacted with silica, alumina and iron oxide at 1700ºC.  

The reactions as follows, 

2CaO   +   SiO2→   2CaO⋅SiO2   (Dicalcium silicate – C2S) 

3CaO   +   SiO2→   3CaO⋅SiO2   (Tricalcium silicate – C3S) 

3CaO   +   Al2O3→   3CaO⋅Al2O3   (Tricalcium aluminate – C3A) 

4CaO + Al2O3+ Fe2O3  →  4CaO⋅Al2O3⋅Fe2O3 (Tetracalciumaluminoferrite – C4AF) 

Aluminate and silicate of calcium fused together to form small hard (1cm diameter), 

greyish stone called clinkers. These hot clinkers fall into another small rotary kiln and are 

cooled. 

3) Grinding 

Cooled clinkers are ground to a fine powder in a ball mills. During this time 3% gypsum 

is added. So cement does not set quickly if it comes in contact with water. Gypsum acts as a 

retarding agent for early setting of cement. 

3CaO.Al2O3 + 3(CaSO4.2H2O) + 2H2O → 3CaO.Al2O3.3CaSO4.2H2O + 6H2O 

4) Packing 
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The ground cement is stored in silos and packed automatically about 50 kg. The 

composition of the Portland cement is calculated from 

 

5) Setting and curing  

Cement sets into a hard mass when mixed with water. Therefore it makes an excellent 

binding material in construction work. The mixture of sand and cement along with water 

undergoes many complex changes. The first stage of setting takes place within 24 hours after 

adding water to the cement. 

The second stage of setting requires about two weeks. The subsequent setting of cement 

is achieved by adding water. The method of hardening cement by treating it with water is known 

as curing. During curing cement absorbs water. Calcium silicate and aluminates of cement are 

converted into a colloidal gel. This process is exothermic; hence it requires continuous water 

treatment. 

6) Cement concrete 

The mixture of cement, gravel and sand in the ratio of 1:2:4 or 1:3:6 is known as 

concrete. An iron skeleton inside concrete gives mechanical strength to the structure. 

2.3.3. Composition of Portland cement  

i) Lime, CaO = 50-60% 

ii) Silica, SiO2 = 20-25% 

iii) Alumina, Al2O3 = 5-10% 

iv) Magnesia, MgO = 2-3% 

v) Ferric oxide, Fe2O3 = 1-2% 

vi) Sulphur trioxide, SO3 = 1-2% 

vii) Sodium oxide, Na2O = 1% 

viii) Potassium oxide, K2O = 1%  
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2.3.4. Types of portland cement 

 Portland cements are divided into five types. It contains varying amount of clinker 

compounds, dicalcium silicate (C2S), tricalcium silicate (C3S), tricalcium aluminate (C3S), 

tetracalciumaluminoferrite (C4AF) and MgO. 

1) Regular Portland cements 

 They are usual products for general concrete construction and harden to full strength in 

about 28 – 30 days. They contain 40-60% C3S, 10-30% C2S and 7-13% C3A. Example: white 

cement, oil wall cement, etc. 

2) Modified Portland cements 

 These are sulphate resistant cement. The heat evolved from these cement should not 

exceed 70 and 80 cal/gm after 7 and 28 days respectively. These cements are characterized by 

higher ratio of C2S and C3S. 

3) High Early Strength Portland cements  

 These cements contain higher percentage of C3S and C3A. The higher proportion of C3S 

causes quicker hardening than regular portland cement. Thus, this cement attains strength in only 

three days. 

4) Low heat Portland cements 

 These cements contain lower percentage of C3S and C3A. The heat evolved should not 

exceed 60 and 70 cal/gm after 7 and 28 days respectively. These cements are designed for 

massive structure work. 

5) Sulphate resisting Portland cement 

 These are good for sea water contact. It resists the sulphates better than the other types. 

These cements contain lower percentage of C3A and higher percentage of C4AF. It is used for 

structural purposes.  

Uses of cements 
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i) Cements are used in the construction of roads, buildings, dams, bridges, etc. For 

construction purposes, it is used in the form of a paste with sand and water. 

ii) Concrete is a mixture of cement, sand, gravel and water. The concrete sets to a hard 

mass. Hence, it is used in foundations, floors, roads, walls of buildings, dams, bridges 

and building of roofs. 

iii) Concrete is filled in and around skeleton of iron rods and allowed to set. The resulting 

structure is very hard and rigid. This is known as reinforced concrete. Reinforced 

concrete is used in the construction of bridges and roofs. 

2.3.5. Raw materials in India 

1) Lime stone 

Lime stone deposits are common in every state in India, except perhaps Kerala.  

Madhya Pradesh: High grade lime stone – Jabalpur, Cement and flux grade lime stone – Rewa 

and Cement grade lime stone - Akaltara, Mahali, kawardah, Beladih and Chattisgarh. 

Tamil Nadu:Cement grade lime stone – Ramanathapuram, Tirunelveli, Triuchirapalli, Salem, 

Coimbatore and Madurai districts. 

In Andra Pradesh:Cement grade lime stone – Nalgonda district. 

In Gujarat:Cement grade lime stone – Kherod and Ganapiply 

In Haryana:Cement grade lime stone – Ambala and Mahendragarh 

In Himachal Pradesh:Cement grade lime stone – Bilaspur district 

In Uttar Pradesh:High grade lime stone – Dehradun and Mussoorie area 

In Bihar: Cement grade lime stone – Bundu, Basaria and Kurkuta-Religara area of Hazaribagh 

district. 

2) Clay 
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 In India best quality of china clay occurs at Kundara in Kerala and Singhbhum in Bihar. 

China clay is also occurs at Karnataka, Tamil Nadu, West Bengal, Rajasthan, Himachala 

Pradesh, Andra Pradesh and Haryana.  

 Good quality of fire clays is found in Bihar, Orissa, Madhya Pradesh, Gujarat, 

Maharastra, Andra Pradesh, Karnataka and Rajasthan. 

2.3.6. Growth of Cement industry in India 

1)  Responsible for 7-8 percent of global cement production, India is the second largest 

cement market in the world, and also an exporter to 30 countries.  

2)  The cement industry in India is divided into five geographical segments. There are North, 

South, East, West and central regions.  

3)  North and South regions are the leading suppliers of cement.  

4)  The East, West and Central regions face deficit of cement. Hence, these regions purchase 

the cement from the North and South.  

5)  According to the Cement Manufacturers’ Association (CMA), there are 139 large cement 

plants and 365 mini and white cement plants in the country. 

6)  According to the Cement Manufacturers Association (CMA), cement sales for May 2012 

were registered at 16.26 million tonnes (MT), which signifies a 14 percent growth over 

the same period in 2011.  

7)  Although India is one of the largest cement markets in the world, its per capita 

consumption is only around 170 kg, much lower than the global average consumption of 

about 430 kg.  

8)  According to the latest report from the working group on the industry for the 12th five-

year Plan (2012-17), India would require overall cement capacity of around 480 million 

tonnes.  

9)  This would mean the industry will have to add another 150 million tonnes of capacity 

during the period. 

10)  Leading players in this sector (by market share) are Shree Chem, Ultratech, Ambuja, 

Binani, ACC, India Cem, DalmiaCem, Madras Cem, Lafarge, and OCL India. 
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UNIT III 

________________________________________________________________ 

SOAPS, DETERGENTS AND REFRACTORIES 

________________________________________________________________ 

3.1. SOAPS 

3.1.1. Definition  

The sodium or potassium salts of higher fatty acids, such as oleic, stearic, lauric, palmitic 

acids are called soaps. Sodium salts of higher unsaturated fatty acids like palmitic acid, steric 

acid are called hardsoaps. Potassium salts of higher saturated fatty acids like oleic acid are soft 

soap.   

3.1.2. General consideration for making of soaps 

 The basic principle of making of all kind of soap is the combination of higher fatty acids 

with sodium or potassium hydroxide or carbonate. 

 

3.1.3. MANUFACTURE OF SOAP 

There are generally three methods used for soap manufacture: 

a) Hot process or Kettle process  

b) Cold process  

c) Hydrolyser process or Modern process 

a) Hot Process or Kettle process 
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 The kettle process is now used in small factories or for special production on a limited 

scale. This process is carried in a steel tank or Kettle. 

Manufacturing steps 

1) Boiling 

 The fat and NaOH solution are charged into the kettle and boiled with steam. The boiling 

is continued till saponification is complete about 80%.  

 

2) Salting out 

NaCl is added and boiled upto the separation of soap. The soap floats on the surface as 

curdy mass. The lower layer containing glycerol and salt is drawn off. The leaving soap contains 

20% fat. 

3) Addition of fresh lye 

 The soaps contains fats are removed by esterification process. It is boiled with a fresh 

supply of NaOH solution. More soap is formed. The soap layer left in the kettle. It is boiled with 

water and wash away excess of lye.   

4) Finishing 

The neat soap is pumped into the crutcher. Here the soap is mixed with colour, perfumes, 

germicides, etc., till it becomes a homogeneous mass. The crutched soap is poured into frames 

and on solidification cut into cakes.  
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Fig. Manufacture of soap by Kettle Process 

b) Cold process 

1) The oil or the molten fat is taken in an iron pan fitted with a stirrer. It is treated with 

caustic soda solution (lye).  

2) The charge is stirred until the soap begins to set.  

3) Soap is solidified in frames and cut into cakes.  

4) All the glycerin set free. Hence, soap contains starch or some other filling material which 

is thoroughly mixed with the oil prior to the addition of caustic soda.  

5) The proportions of the various ingredients are: alkali (1 part), water (7 parts) and starch 

(1 part).  

6) This process does not yield pure stuff. The hot process is superior to this.  

b) Hydrolyser process or Modern process 

 This is the modern continuous process for soap manufacture. It is more economical than 

the kettle process and gives better quality of soap. 

Manufacturing steps 

1) Hydrolysis of fat  
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The fat is mixed with zinc oxide catalyst and water are heated to 230-250 oC under 40-45 

atm pressure in the hydrolyser.   

2) Distillation of fatty acids  

The fatty acid is mixed with water. This is discharged at the top into a steam flash-tank. 

The water is vapourised. The fatty acids are distilled under vacuum still.  

3) Neutralization of the fatty acids 

The vapours of fatty acids are passed through condenser. The condensed fatty acids are 

neutralized in the mixture containing alkali. The product is neat soap.   

 

 

3.1.4. Toilet soaps 

Toilet soaps are manufactured from the best quality fat or oil and great care is taken to 

add the right amount of lye. There is no free alkali in the finished products. Toilet soap is 

injurious to the skin. 

Toilet soaps contain 

i) Finest white tallow – 50 to 70%  
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ii) Coconut oil – 25 to 30% 

iii) Lard – upto 20%  

iv) Palm kernel oil - upto 20% 

v) Caster oil – upto 5% 

vi) Resin – Trace amount 

For saponification, NaOH is used. This makes hard and stable soap. KOH produces a soft 

soap.  

3.1.5. Transparent soap 

Transparent soaps are prepared by dissolving soft soaps in methylated spirit and then 

removing the insoluble part by filtration. The solid transparent soap is obtained on evaporating 

off alcohol.  

3.2. DETERGENTS 

Detergents are sodium salts of sulphonic acids or alkyl hydrogen sulphates. it is reduced 

the surface tension of the water. This is known as surface active agents. Since, they are used for 

washing and cleaning purposes. Detergents contain one end of hydrophilic and other end of 

hydrophobic molecules. 

3.2.1. Classification of surface active agents 

 Detergents can be classified into three classes: i) Anionic detergent, ii) Cationic detergent 

and iii) Non-ionic detergent 

1) Anionic detergent 

 Anionic detergents are sulphates of long chain primary alcohols (C12 to C18 alcohols) or 

sulphonate salts of hydrocarbons.  

Example:  Sodium lauryl sulphate    

CH3–(CH2)10–CH2-OSO3
–Na+ 

  Sodium dodecyl benzene sulphonate 
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The hydrophilic end is –SO3
–Na+ or –OSO3

–Na+ and hydrophobic end is a long chain 

alkyl/alkyl-aryl part. They are effective cleansing agent for fabrics like cotton, wool, silk, etc. 

2) Cationic detergent 

 Cationic detergents are amine acetates and alkyl trimethyl ammonium chlorides. These 

are called as invert soap/detergents because their water soluble end carries a positive (cation) 

charge rather than negative (anion) charge. These are good cleansing agents. They possess 

germicidal properties.   

Example: n-hexadecyltrimethyl ammonium chloride 

 

 

 

Ethanolamines like sapamine 

 

3) Non-ionic detergents 

 In non-ionic detergents, the polar covalent structure provides the required water 

solubility. These are used in dishwashing liquids. 

3.2.2. Difference between soap and detergent 

Sl.No. Soap Detergent 

1 Soap cannot be used in hard water 
because it forms insoluble precipitate. 

Detergent can be used in hard water. 
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2 It cannot be used in acidic water. There is no such problem. 

3 It is biodegradable. It is non-biodegradable. 

4 The ionic part of a soap is                      
–COO–Na+ 

The ionic part of a detergent is               
–SO3

–Na+ or –OSO3
–Na+ 

5 Soaps take more time to dissolve in 
water. 

Detergents dissolve faster in water. 

6 Example: Sodium stearate Sodium lauryl sulphate 

3.2.3. Shampoo  

Shampoo is a liquid detergent. The liquid solution is massaged into wet hair. It creates 

lather and breaks up deposits of oil and dirt. The lather is rinsed from the hair after a few 

minutes, leaving the hair clean. Hence, it is used as cleaning agent to hair. 

Raw materials 

1)  Water – Basic element 

2)  Ammonium lauryl sulfate and ammonium laurethsulfate – Surfactant  

3)  Cocamide or cocamidopropyl – Foaming agents 

4)  Sodium citrate or citric acid – Maintain the pH level  

5)  Dimethicone – Conditioner. Itcreates smoothness and shine of the hair. 

6)  Polyquaternium -It makes manageable hair.   

7)  Panthenol, fatty alcohols and nut oils - Common additives for moisturize  

8)  Midazolidinyl urea, iodopropynyl, isothiazolinone and sodium benzoate – It retard 

the growth of bacteria. 

3.3. REFRACTORIES 

3.3.1. Introduction 

Definition: Refractories are inorganic materials that can withstand high temperatures without 

softening or undergoing any deformation in shape.  
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Function: The function of a refractory is to confine heat (construction of inner lining of a 

furnace), to maintain high temperature and to resist the abrasive and corrosive action of molten 

metals.  

Characteristics or requisites of a good refractory 

1. It should not be fused at the operating temperature. 

2. Its physical, chemical and mechanical properties should not undergo any changes at high 

temperature. 

3. It should not crack and split at the operating temperature. 

4. It should be chemically inert towards the corrosive action of molten metals, slags and 

gases. 

5. It should be able to withstand overload at the operating temperature. 

6. It should expand and contract uniformly, with temperature rise and fall respectively. 

Uses 

3. Refractories are used for the construction of lining of the furnaces, kilns, crucibles etc. 

4. They are employed for the manufacture of cement, glass, ceramics, paper, metals etc. 

3.3.2. Classification of refractories 

Refractories are classified into three types (i) acidic refractories, (ii) basic refractories and (iii) 

neutral refractories. 

1) Acidic refractories 

These are made up of acidic materials like alumina and silica. They are not attacked by 

acidic materials, but are easily attacked by basic materials.  

Examples: Silica, alumina, fire-clay refractories. 

2) Basic refractories 

They are made up of basic materials like calcium oxide and magnesium oxide. They are 

not attacked by basic materials, but are easily attacked by acidic substances. 

Example: Magnesite (Magnesia) and dolomite refractories. 
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3) Neutral refractories 

They are made up of neutral materials like graphite, zirconia and silicon carbide. They 

are inert towards both acidic and basic substances. 

Example: Graphite, zirconia, silicon carbide, chromite refractories. 

3.3.3. Properties of refractories 

1) Refractoriness 

Definition:Refractoriness is the ability of a refractory material to withstand high temperature 

without softening or deformation under working conditions. 

Measurement of refractoriness: Refractoriness is usually measure by the softening or fusion 

temperature of the material. A refractory materials should have softening temperature high than 

the operating furnace temperature. The softening temperature of refractory is determined by the 

standard Pyrometric Cone Equivalent (PCE) test or Seger cones test. 

Pyrometric Cone Equivalent (PCE) test: Pyrometric Cone Equivalent (PCE) is the number, 

which represents the softening temperature of a refractory specimen of standard dimension and 

composition. 

Measurement: 

In this test, pyrometric cones or Seger cones of standard dimensions (38 mm height with 

triangular base of 19 mm sides) are prepared from various refractory materials. These are known 

as standard cones. The test cone is prepared from a refractory as the same dimensions of standard 

cone.  
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Figure 1.Pyrometric cone equivalent (PCE) test 

When a test cone is heated on a base along with standard cone under standard conditions 

(10 ºC/minute), at one stage, the apex of the cone bends and touches the base. The temperature at 

which the apex of the cone touches the base is taken as its softening temperature of the cone. The 

PCE value of the test refractory is taken as the number of standard cone which softens along with 

the test cone. A good refractory should have high refractoriness. 

2) Thermal spalling or spalling resistance 

Definition: Thermal spalling is the property of breaking, cracking or peeling of a refractory 

material under high temperature. 

A good refractory should be resistant to thermal spalling. 

The reasons for the thermal spalling: Uneven thermal expansion or contraction due to 

temperature differences (rapid heating or cooling) is the main cause for thermal spalling. The 

spalling tendency is directly proportional to the coefficient of expansion.  

Thermal spalling can be decreased by(i) low coefficient of expansion, (ii) good thermal 

conductivity refractory and (iii) avoiding sudden temperature changes. 

3) Strength or Refractoriness Under Load (RUL) 

Refratories used in metallurgical operations and industries have to withstand varying 

loads. Refractories like alumina do not bear loads, but refractories like silica bricks bear 

maximum loads under operating temperature. So refractories should have high mechanical 

strength under operating temperatures.  
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Definition: Strength or refractoriness under load of a refractory is its ability to withstand high 

temperatures under the influence of maximum load without breaking. 

The load bearing capacity of a refractory can be measured by RUL test. 

RUL Test: RUL is performed on a test specimen of standard size (cylinder diameter 50 mm and 

height 50 mm). The specimen is heated in a furnace at a rate of 10 ºC/minute under a load of 

1.75 kg/cm2. RUL is expressed in terms of the temperature at which 10% deformation occurs on 

the specimen. A good refractory should have a high RUL value. 

4) Porosity 

Definition: Porosity of a material is defined as the ratio of its pores volume to that of its bulk 

volumes. Thus, porosity is given as 

 

where  W = weight of saturated specimen in air 

  D = weight of dry specimen in air 

  A = weight of saturated specimen submerged in water. 

The saturation of specimen may be carried out by boiling in water for two hours. 

Disadvantages: 

1. Due to porosity, slags, gases etc. are likely to enter more easily to greater depth and also 

react with a refractory. 

2. It reduces the strength. 

3. It reduces resistance to corrosion. So a good refractory in general should have lower 

porosity. 

Advantages: 

1. The lower porosity increases thermal conductivity due to the absence of air voids and 

increases resistance to thermal spalling. 

P = W − D
W − A  × 100 
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2. The high porosity refractories possess lower thermal conductivity due to the presence of 

more air voids, which act as insulator and hence it can be used for lining in furnace, oven, 

etc. 

5) Dimensional Stability  

Definition: It is the resistance of a refractory to any volume changes when exposed to high 

temperature over a prolonged time. 

These dimensional changed may be (i) reversible or (ii) irreversible. 

(i) Reversible dimensional changes 

The refractory material will result in uniform expansion and contraction.  A good 

refractory material should have reversible dimensional changes. 

(ii) Irreversible dimensional changes 

Irreversible changes may lead to contraction or expansion of refractory. On heating 

magnesite bricks (specific gravity is 3.05) is gradually converted into more dense 

shrinkage crystalline form of periclase (specific gravity is 3.54). 

But in certain refractories, prolonged heating may lead to expansion. Eg., On heating 

there is an increase in the volume of silica bricks due to transformation of quartz form 

(specific gravity is 2.65) into cristobalite (specific gravity is 2.32). 

3.3.4. MANUFACTURE OF REFRACTORIES 

1. Crushing: The big lumps raw materials are crushed to small size about 25 mm. 

2. Grinding: The crushed materials are ground in grinding machine to 200 mesh size. 

3. Screening: The unwanted materials are removed from raw materials. This is done by 

setting, magnetic separation and chemical methods. 

4. Storage: After screening and mineral dressing, the pure materials are stored in storage 

bins. 

5. Mixing: It is done in order to distribute the plastic materials equally throughout the mass. 

This makes moulding easier. 

6. Moulding: Moulding may be done either manually or mechanically by the application of 

pressure. Hand moulding produces the low density and low strength refractories. 
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Mechanical moulding produces the high density and high strength refractories. After the 

mechanical moulding, the de-airing process is essential. De-airing is done: i) by applying 

vacuum, ii) by allowing air to inside the void space, iii) by double pressing. 

7. Drying: Drying is carried out slowly in tunnel driers. The bricks are placed in a long 

tunnel. The hot steam passes through the tunnel. Drying is used to remove the moisture 

from refractories.     

8. Firing: The refractories are fired to stabilize and strengthen their structures. Firing is 

done in tunnel kilns or rotary kilns. The firing temperature of different bricks are: high 

fired super duty bricks – 1480 oC, kaolin bricks – 1700 oC, basic bricks – 1870 oC. 

3.3.5. MANUFACTURE OF FIRE-CLAY REFRACTORIES 

Fire clay refractories contain 50-80% of silica and <50% of alumina. The chemical 

formula is Al2O3.2SiO2.2H2O. 

Raw materials: i)Fire-clay and ii) calcined fire-clay  

Manufacturing Steps: 

Note: 1 – 7steps are the same as described under manufacture of refractories.   

      8. Firing: The refractories are fired to stabilize and strengthen their structures. Firing is 

done in tunnel kilns or rotary kilns. The firing temperature of fire clay bricks is 1300 oC. 

After the firing, the bricks are cooled slowly.   

Uses:  

1. They are used in steel industries. 

2. They are used for lining of blast furnaces, open hearths furnaces and lime kilns. 

3. They are used for construction of stoves, ovens, crucible furnaces, flues, charging doors, 

etc.  
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Unit IV   

4.1 Fertilizers: Fertilizers are the substances which are added to the soil in order to make up the 
deficiency of essential elements like Nitrogen, Phosphorous and Potassium required for the 
growth of the plants. 
Manufacture of Ammonium Sulphate: 

(i)By Sindri process: 

                 Air and steam are passed over red hot coke when a mixture of co, N2and  H2 gases 
formed. 
   C + Air               Co + N2 
   C + H2O             Co + H2 
  The gaseous mixture of Co,N2,H2 is then passed over hot Fe3O4 and Cr2O3 when 
CO gets oxidized to CO2. The mixture of CO2, N2,H2 is then compressed to about 20 atm and 
passed into water in which Co2 gets dissolved and is thus removed from the gaseous mixture.  
The remaining gas  namely N2 and H2  are mixed together in the ratio 1:3 and then converted into 
ammonia at about 450° C – 550 °C and pressure 150-200 atm passed over Fe2O3, Al2O3 and K2O 
mixture by Habers process .  Fe2O3, Al2O3 and K2O – promoter. 
Besides from Habers process.  NH3 can also be obtained from coal distillation.  Now NH3 gas is 
passed into a suspension of finely powdered CaSO4( calcined gypsum )  in water through which 
a steam of Co2 is also passed.  Co2 is obtained by heating CaCo3. 
  CaCo3  CaO + CO2 
2NH3 + H2O + CO2 + CaSO4 ( NH4)2SO4 + CaCO3 + ppt 
 The precipitate of CaCo3 is filtered off and the filtrate containing (NH4)2SO4 is 
concentrated by evaporation under vacuum and cooled when crystals of (NH4)2SO4 are obtained. 
 

Manufacture Of Calcium Ammonium Nitrate (CAN) : Ca(NO3)2NH4NO3 

 

(i)Production of NH3 :N2 and H2 are mixed together in the ratio of 1:3 and are converted into 
NH3 by Haber’s process . 
  N2 + 3H2    2NH3 

(ii)Production of HNO3 :NH3 is used in the manufacture of HNO3 by Ostwald process.  In this 
process NH3 and air are mixed together in the ratio of 1:10  by volume.  The mixture is 
introduced into a converter having a cage of fine platinum gauge which is kept electrical heated 
between 820-920° C. 

 4NH3 + 5O2 4NO + 6H2O 

                   (from air )               (Nitric oxide) 

                 NO is cooled and mixed with air so that NOis oxidized to nitrogen dioxide (NO2). 
NO2 is dissolved in H2O to get the solution of HNO3. 
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 2NO + O22NO2 (nitrogen dioxide) 

 (from air) 

(iii)Formation of  NH4NO3: 

   The  HNO3 obtained is heated to about 75◦ C and is then allowed to fall in 
the form of a fine spray from the top of a tower called neutralizer while NH3 gas is pre heated to 
about 70° C is introduced from the bottom of the neutralizer.  This operation results in the 
neutralizers of HNO3 by the NH3 and formation of  NH4NO3. 

  NH3 + HNO3NH4NO3. 

 NH4NO3 is obtained inform of a liquor in neutralizer.  This liquor contains 84% NH4NO3.  
It is concentrated upto 92-94% by vacuum concentration.  

(iv)Formation of calcium ammonium nitrate: 

92% concentrated solution of NH4NO3 is stirred with finely powdered lime stone (CaCo3 ) in a  
granulation . The solution of NH4NO3 also contains some HNO3 which reacts with lime stone to 
produce Ca(NO3)2, which combines with NH4NO3 to form of pellets of CAN. 

 CaCo3 + 2 HNO3Ca(NO3)2 + H2O + Co 

 Ca(NO3) + NH4NO3Ca(NO3)2.NH4NO3 

  Lime stone is added as filler.  Its function is to render NH3NO3 safe to handle, since NH4NO3 is 
an explosive substance. 

(V)Coating of Can Pellets With Soap Stone: 

  Since CAN is very hydroscopic , it has to be protected from atmospheric moisture 
during its transportation and storage.  For this pellets of CAN are stirred with concentrated 
solution of finely powdered soap stone. This treatment produces a thin layer of soap  stone on 
surface of pellets. 

Manufacture Of Urea : (i) Urea can be  manufactured  by passing liquid CO2 and liq.NH3 in a 
silver lined autoclave when ammonium carbonate is obtained.  This is heated at 130-135°C under 
pressure to get urea. 
 2NH3 + CO2 NH2COONH4NH2CONH2 + H20 

 

(ii)Wohler’s Process :Urea can be manufactured from ammonium cyanide which obtained from 
potassium cyanide and ammonium sulphate. Urea formed by molecular rearrangement. 
      NH4CNO                     NH2CoNH2 
Ammonium  cyanide                       urea 



397 

 

 

Estimation Of Urea :  Hoffman Method : 

 In a given solution, urea is estimated by treating a known volume of the solution with 
excess of alkaline hypobromide solution (Br2 + NaoH) and measuring the volume of nitrogen 
evolved nitro meter. 

Experiment :A measured volume (=x mg, say) of urea solution is taken to a small test tube and 
placed in the bottle B containing excess of freshly prepared sodium hydro bromide solution.  The 
nitro meter containing caustic potash solution is adjusted and put in communication with the 
reaction flask B by turning the tap T. On tilting the bottle B, the reaction starts and nitrogen 
collects in the nitro meter while Co2 is dissolved by caustic potash solution.  The volume of 
nitrogen collected is noted and reduced at NTP (= V ml, say).  As indicated by the chemical 
equation, 22.4 litres of nitrogen at NTP are obtained from 60g of urea.  From this amount of urea 
present is V ml of the solution taken = 60/22400*Vg. 

Mixed Fertiliser NPK 

• Fertiliser is a material that is added to the soil to supply one or more elements required for plant 
growth and productiveness.  The major three elements are N, P, K the secondary elements are 
calcium, sulphur, magnesium and other elements are Boron, manganese, iron, zinc, copper and 
molybdenum. 

• Fertilisers enhance the natural fertility of the soil or replace the chemical elements asker from the 
soil by harvesting, grazing, leaching or erosion.  Organic fertilizers include properly managed 
barnyard manure, compost green manure. 

• Manure contains nitrogen and phosphate content.  It is sometimes modified with Superphosphate 
to make it a better balanced fertilizer.  Compost, decayed to a relatively stable, amorphous state, 
is made from plant materials mixed with manure and some soil.  Green manure is a herbaceous 
plant material plowed into the soil that has not undergone decay.  Artificial fertilizers are 
inorganic fertilizers formulated in appropriate concentrations and combination supply three main 
nutrients:  

• Nitrogen, phosphorous and potassium (N, P, K) for various crops and growing conditions.  N 
promotes leaf growth and forms proteins and chlorophyll.  P contributes root, flowers and fruits 
development.  K contributes to stem and root growth and the synthesis of proteins.  The common 
inorganic fertilizers include ammonia (82% N), NPK  combinations, Urea (46% N) 
Superphosphate; mono and dibasic ammonium phosphates (containing N&P), calcium 
ammonium nitrate, potassium chloride (mutriate of potash). 

Top fertilizer companies in India 

Basant Agro Tech Indian Limited. - NPK Fertilizer,SSP single super phosphate seeds. 

Bharate fertiliser industries limited.-Prilled urea, Ammonia. 

Chambal fertilisers & chemical limited. - Uttam veer urea (urea),Uttamneem (neem coated urea), 

Uttam DAP (diammonium phosphate),Uttam MOP (murate of potash). 

Fertilizer companies in India 

* Brahmaputra Vally Fertilizer Corporation. 
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     * Hindustan Copper Limited. 

     * FCI Aravali Gypsum and minerals. 

* Hindustan fertiliser corporation. 

     * Madras fertiliser limited. 

* Neyveli lignite corporation. 

     * Paradeep phosphates limited. 

    * Rashtriya chemicals & fertilizers. 

     * The fertilizer corporation of India. 

4.2: Sugar Industry: 

Manufacture of sugar from beet root  

Around 11,000 tons of sugars are produced from approximately 15 million beets. 

Step involved: 

     In total 8 steps are involved in the manufactures of sugar from beets. 

Step 1 :  Beet slice production: 

     Beets are cut into small slices.  One slice of beet contains 16 to 20& of sugar content. 

Step 2 :  Raw Juice Production: 

     The sugar in the bet slices are extracted from slices by hot water at 70°c in diffuser by moving the 
slices in the opposite direction of water flow. The obtained raw juice 98% of suger. 

Step 3 : Juice Cleaning :  By adding lime and carconic acid gas, the non- sugars present in the raw juice 
are extracted. 

Step 4: Filtration : When lime is added to flocculatable insoluble non-sugars & filtered off by using units.  
The obtained filtrate is known as thin juice and filtered residue as carbonated lime. 

     Carbonated lime is a important soil remover and it is spreaded over the field. 

Step 5: Thick Juice Production:  Thick juice is produced by multi-stage evaporation process. 

Step 6: Crystallisation: Thick juice is thickened further in the evaporators under vacuum.  Crystallisation 
is triggered by adding finely grounded sugar to thick juice.  Further evaporation leads the crystals to grow 
to the desired size. 

Step 7: Centrifugation: The sugar crystals are separated from syrup by centrifuging.  Separated syrup is 
again subjected to two crystallisation steps. 

Step 8: Sugar: The pure crystal clear sugar appears while when subjected to white light.  White sugar 
contains at least 99.7% of sucrose. 

Manufacture of sugar from molasses 

• Dark coloured syrupy liquid obtained after the separation of sugar from sugarcane juice is called as 
molasses. 

• It contains about 30% of sugar. 
• It is suitable and cheap raw material for the manufacture of alcohol. 
• Usually in india, sugar is not extracted from molasses.  It can be done by chemical methods. 
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Manufacture 

• When molasses is diluted and treated with strontium hydroxide, strontium sucrosate is precipitated. 
C12H22O11+ 2Sr(OH)2C12H22O11.2SrO+ 2H2O 
Strontium sucrosate 

• The precipitate is separated by filtration and suspended in water.  The current of CO2 is passed 
through the solution  

• C12H22O11.2SrO(strontium sucrosate) is decomposed into sucrose add strontium carbonate is 
precipitated. 
 C12H22O112SrO +2CO2C12H22O11+2SrO3 

• The precipitate is removed by filtration & the filtrate is concentrated in multi-effect evaporators. 
• Thus the concentrated syrupy liquid is decolourised by animal charcoal and allowed to crystallise 

in vaccum bars. 

Manufacture of ethyl alcohol from molasses 

• Molasses is the mother liquor left after the crystallization of cane sugar from the concentrated 
juice.  It is dark coloured thick syrupy mass.  Molasses contain about 60% cane sugar.  Mostly 
sucrose, glucose and fructose.  It forms an industrial ethyl alcohol.  Molasses is converted into 
alcohol by the following steps: 

i. Dilution: 
    Molasses is first diluted with water on 1:5 volume of molasses and water. 

ii.  Adding of ammonium sulphate: 
     Molasses usually contains enough nitrogeneous matter to act as food for yeast during 
fermentation.  If the nitrogen content of the malasses is poor, it may be fortified by the addition of 
ammonium sulphate or ammonium phosphate. 

iii. Addition of sulphuric acid: 
     The solution is made acidic with a small amount of sulphuric acid.  Acidity is favourable to 
the growth of yeast but unfavourable to most bacteria.  Care should be taken to avoid excess of 
acid as the yeast may be killed. 

iv. Adding of yeast (Fermentation): 
     The solution is received in a large fermentation tanks and the yeast is added to it.  The mixture 
is kept about 30°c for 2 or 3 days.  During this period, the enzyme invertase and zymase present 
in yeast, bring about the conversion of sucrose into Ethanol.  The fermented liquid is technically 
called “WASH’’, contains 15-18% alcohol. 
C12H22O11+H2   Invertase C6H12O6+C6H12O6 

cane sugar   glucose          fructose 
 
C6H12O6   Zymase                   2C2H5OH + 2CO2        

  Ethylalcohol 
v. Fractional distillation of wash: 

     Wash is subjected to fractional distillation in a special column.  It contains number of 
compartments by means of plates.  These plates provided with valves and dropping tube.  
“WASH” is admitted near the top.  It travels down the column, it meets up-coming current of 
steam.  The steam converts ethyl alcohol into vapours.  These vapours rise up and are fed into the 
condenser.  The high boiling impurities travel down the column. 

Fraction 1: 
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 Low boiling fraction drawn from the head of the column.  It contains ACETALDEHYDE. 
Fraction 2: 
 Main fraction drawn near the top of the column.  It contains 95% of Ethanol.  It is sold under the 
name RECTIFIED SPIRIT (OR) COMMERCIAL ALCOHOL. 
Fraction 3 
 High boiling fraction (125-140°c) drawn near the base of the column.  It is called FUSEL OIL.  It 
consists mainly of AMYL ALCOHOL (C5H11OH) 
        H2SO4 + (NH4)2SO4 

Manufacture of vinegar by quick vinegar process 

 Quick vinegar process is limited to the production of vinegar for food industry.  Vinegar is 4-6% 
acetic acid.  It is obtained from fermented liquors containing 12-15% Ethanol. 

 2CH3CH2OH + O2      2CH3CHO + 2H2O 

 2CH3CHO + O2  2CH3COOH 

Manufacture steps: 

� In the quick vinegar process, large wooden Vats filled with wood shavings impregnated with old 
vinegar are used in series. 

� The Vat are fitted with perforated cover.  Ethanol is introduced at the top of the first Vat and 
allowed to trickle down the shaving. 

� Air is drawn in through the holes in the lower wall of the vessel and passes up in the opposite 
direction to the trickling liquid. 

� The heat generated in the oxidation of ethanol to acetic acid maintains the temperatures at 35°c 
which is favourable to the growth and activity of bacteria. 

� The liquor leaving the bottom of each vat is introduced at the top of the next Vat. 
� The maximum concentration of acetic acid obtained by this method is 10%.  The process requires 

8-10 days for completion. 

4.3 MATCH INDUSTRY 

MANUFACTURE OF MATCHES:-Raw materials: 

� White pine (or) aspen woods 
� Ammonium phosphate 
� Paraffin wax 
� Potassium chlorate 
� Animal glue 
� Antimony trisulfide 
� Sulphur 
� Powdered glass 
� Inert fillers 
� Red phosphorous (or) white phosphorous 
� Adhesive such as gum arabic (or) urea formaldehyde 

MANUFACTURING STEPS: 
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1.Cutting the matchsticks:     Logs of white pine (or) aspen are cut into short length about 0.5 
m by the deparking machine.  The stripped log is placed in a peder.  It cuts into a sheet about 0.1 
inch thick, called veneer.  The veneer is passed into chopper.  It cuts into small sticks. 
2. Treating the match sticks:  The cut matchsticks are soaked with dilute solution of 
ammonium phosphate for several minutes.  It is removed from the solution and dired.  
Ammonium phosphate is a fire retardant.  The dried sticks are stored in a large tank. 
3. Forming the match heads: The stored sticks are transferred into holes in a long, continuous, 
perforated steel belt.  The perforated belt holds the matchsticks and moves slowly.  The lower 
end of the matchsticks is dipped in hot paraffin wax and dried.  Paraffin provides a fuel to the 
match sticks.  This fuel transfer the flame from the burning chemicals to the matchsticks. 

Further, the matchsticks are dipped in solution of match head base chemicals.  The base 
solution contains a mixture of potassium chlorate cend smaller amount of phosphorus 
sesquisulphide.  It also contains sulphur, rosin and small amount of paraffin wax.  A water 
soluble dye may be added to give the base a colour such as red (or) blue. 

Further, the match sticks are dipped in tip solutions.  The contains a mixture of                    
phosphorus sesquisulphide and potassium chlorate.  Phosphorus sesquisulphide is ignited by the 
friction against a rough surface.  The potassium chlorate supplies the oxygen which is needed for 
combustion.  The tip also contains powdered glass and other inert filler materials.  These 
increase the friction and control the burning rate.  Animal glue is used to bind the chemical 
together.  Zinc oxide may be drieded to the tip.  It gives a whitish colour.  After the match heads 
are coated, the match strickes dried slowly. 
4.  Striking surface:   The safety matches contain antimony, trisulphide, potassium chlorate, 
sulphur, powdered glass, inert fillers, and animal glue.  They may bealso include a water-soluble 
Antimony trisulphide cannot be ignited by the heat of friction, even in the presence an oxidizing 
agent like potassium.  Hence, it  requires the striking surface for solution.  The striking surface 
contains red phosphorus, powdered glass and an adhesive such as gum Arabic or urea 
formaldehyde.  The striking surface is deposited on the match nox. 
5.   Chemistry of lighting 

• A  safety match is rubbed against the stricking surface.  The friction generates enough 
heat. 

• These heat coverts a trace of the red phosphorus into white phosphorus. 
• White phosphorus immediately reacts with the potassium chlorate to produce enough 

heat.  Because the potassium chlorate supplies the oxygen to combustion. 
• This heat ignite the antimony trisulphide and start the combustion. 
• Paraffin wax provides fuel to transfer the flame from the burning chemicals to the 

matchstricks. 
• Wooden stricks catches fire. 
• Once the paraffin burns off.  The ammonium phosphate in the matchstricks prevents any 

further combustion. 
Pyrotechnics: 
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     Pyrotechnics refers to making fire by chemical reaction.  It produces light, heat, gases.  It is 
done by combustion of a fuel and an oxidiser.  In pyrotechnics, the bustion process is 
instantaneous.  They are divided into three types.  They are rockets, sparks and colouring 
materials. 
Rockets: 

     It is made up of a cardboard cartridge filled with a mixture of sulphur, charcoal, potassium 
nitrate and small amount of gun powdered.  Potassium nitrate act as an oxidising agent.  It 
supplies the oxygen to combustion process.  When rocket get fired the combustible process.  
When rocket get fired the combustible sulphus burns to produce a large amount of gas.  The gas 
present in the cartridge escaps from the holes.  It propels the rockets forward and explodes with a 
large sound. 
2) Sparks: 

     When a mixture of aluminium powder and magnesium powder are heated, it produces the 
brilliant flashes of lightes is called sparks. The combustion materials and oxidizing agents are 
added continuously.  The sparks stay for long time. 
3) colouring materials:- 

     Some of the metal salt powder of mixture of the metal salts powder is heated.  It produces the 
brilliant coloured flashes of lights is called sparks.   
Examples:- 

� Matalic sodium gives yellow flash 

� Strontium chloride and strontium sulphide gives red flash.  

� Barium powder and copper salts gives green colour flash. 

� Aluminium and magnesium powder gives white colour. 

USES:- 

� Crackers and sparkers are used for commercial purposes. 

� Coloured bombs are used for military signals. 
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Unit V    

5.1.Adhesives 

Adhesives: definition – classification of adhesives 

Adhesive—a substance capable of holding at least two surfaces together in a strong and 
permanent manner. 

General classification of adhesives  

♣ Thermosetting adhesives Thermosets molecules are cross-linked by strong covalent 
intermolecular bonds, forming one giant molecule. Cross-linking is irreversible therefore 
thermosets can not be reprocessed (re-melt). Crosslinking is achieved in curing process initiated 
by heat, chemical agents, radiation or evaporation of Solvents. Curing results in sharp increase of 
strength, elasticity and stability of thermosets. Most of thermosetting adhesives are based on 
epoxies, polyesters, polyimides and phenolics.  

♣ Thermoplastic adhesives Thermoplastics are Polymers, which soften (become pliable and 
plastic) and melt when heated. No new cross-links form (no chemical curing) when a 
thermoplastic cools and harden. Thermoplastics may be reprocessed many times by heating or 
applying a solvent. Molecules of most of thermoplastics combine long polymer chains 
alternating with monomer units. Polyamides, cyanoacrylates, polyacrylates, polyvinyl acetate 
(PVA) are typical thermoplastic adhesives.  

♣ Elastomeric adhesives Elastomers are polymers possessing high elasticity - may be reversibly 
stretched at high degree. Elastomers consists of long lightly cross-linked molecules. Elastomers 
are set (strengthened) by thermal curing or solvent evaporation. Curing results in increase of 
cross-linking of the molecules. Typical elastomeric adhesives are based on natural rubbers, 
silicones, acrylonitride butadiene (nitrile), neoprene, Butyl, polyurethane, styrene-butadiene. 

Animal glue.Animal glue is prepared by boiling animal bones and connective tissues containing 
protein. 

To make liquid (room temperature) glue add approximately 5 table spoons of urea (or 3 
tablespoons of salt) for each cup of dry glue. Add the glue to the water and allow to soak for 30 
minutes. Heat gently in a commercial glue pot or a double boiler (water jacket preferred) to 140 
degrees F. , stirring occasionally. 

The gelatinized starch is decomposed by the addition of a water soluble oxydant in situ at 10-
100°C at atmospheric pressure under obtaining a starch glue having a dry material content 
of starch of 20-45%, by weight. Preferably the decomposition of the gelatinized starch takes 
place at 50-95°C. 
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The key ingredient of vitreous enamel is finely ground glass called frit. ... Raw materials are 
smelted together between 2,100 and 2,650 °F (1,150 and 1,450 °C) into a liquid glass that is 
directed out of the furnace and thermal shocked with either water or steel rollers into frit. 

5.2.Enamels:  

Enamel is so hard because it is composed primarily of inorganic materials: roughly 95% to 98% 
of it is calcium and phosphate ions that make up strong hydroxyapatite crystals. Yet, these are 
not pure crystals, because they are carbonated and contain trace minerals such as strontium, 
magnesium, lead, and fluoride. 

It is used in the production of many household goods and appliances, especially those used in the 
kitchen or bathroom area: pots, pans, cooktops, appliances, sinks, toilets, bathtubs, even walls, 
counters, and other surfaces. Porcelain enamel is also used architecturally as a coating for wall 
panels. 

5.3.Explosives:  

An explosive substance is a solid or liquid substance (or mixture of substances) which is in itself 
capable by chemical reaction of producing gas at such a temperature and pressure and at such a 
speed as to cause damage to the surroundings. ... An explosive article is an article containing one 
or more explosive substances. 

Explosive, any substance or device that can be made to produce a volume of rapidly expanding 
gas in an extremely brief period. There are three fundamental types: mechanical, nuclear, 
and chemical. A mechanical explosive is one that depends on a physical reaction, such as 
overloading a container with compressed air. 

In general, an explosive has four basic characteristics: (1) It is a chemical compound or mixture 
ignited by heat, shock, impact, friction, or a combination of these conditions; (2) Upon ignition, 
it decom- poses rapidly in a detonation; (3) There is a rapid release of heat and large quantities of 
high-pressure gases 

Nitrocellulose is a highly flammable compound formed by nitrating cellulose through exposure 
to nitric acid, or to a mixture of nitric acid and another acid, 

Trinitrotoluene (TNT), a pale yellow, solid organic nitrogen compound used chiefly as 
an explosive, prepared by stepwise nitration of toluene. Because TNT melts at 82° C (178° F) 
and does not explode below 240° C (464° F), it can be melted in steam-heated vessels and 
poured into casings. It is relatively insensitive to shock and cannot be exploded without 
a detonator. For these reasons it is the most favoured chemical explosive, extensively used in 
munitions and for demolitions. 
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Picric acid is an organic compound with the formula (O2N)3C6H2OH. Its IUPAC name is 2,4,6-
trinitrophenol (TNP). The name "picric" comes from the Greek word πικρός (pikros), meaning 
"bitter", due to its bitter taste. It is one of the most acidic phenols. 

Gunpowder consists of sulfur and charcoal (fuels), mixed with potassium nitrate (an oxidiser – a 
type of chemical which a fuel requires in order to burn). The basic mixture was, in fact, 
originally discovered by eighth century Chinese alchemists. 

Cordite is a family of smokeless propellants developed and produced in the United Kingdom 
since 1889 to replace gunpowder as a military propellant. Like gunpowder, cordite is classified 
as a low explosive because of its slow burning rates and consequently low brisance.  

Dynamite is an explosive made of nitro-glycerine, sorbents (such as powdered shells or clay) 
and stabilizers. It was invented by the Swedish chemist and engineer Alfred Nobel in Geesthacht, 
Northern Germany and patented in 1867. It rapidly gained wide-scale use as a more powerful 
alternative to black powder. 
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COURSE CODE: 7BCHA1 

 

ALLIED COURSE - I – GENERAL CHEMISTRY – I  

 

Unit I   States of matter - I         

1.1.Gaseous state: Postulates of kinetic theory of gases – derivation of expression for pressure 

of gas on the basis of kinetic theory – deducing the basic gas laws.     

1.2.Ideal and real gases. Deviation of real gases from ideal behaviour – reasons for deviation. 

Derivation of Vander Waals gas equation. Law of corresponding state – reduced equation of state and its 

significances. 

1.3.Average, RMS and most probable velocities (equations only – no derivation). Calculating the 

above velocities. 

 

Unit II   States of matter - II 

1.1.Liquid state: comparison gaseous and liquid states. Surface tension – viscosity – Trouton’s 

rule and its significances. 

1.2.Solid state: types of solids. Crystals, crystallographic systems. Conductors, insulators and 

semiconductors. Intrinsic and extrinsic semiconductors. 

1.3.Colloidal state. Definition, classifications and examples for hydrophilic and hydrophobic sols. 

Differences between them. Emulsions, classification and Bancraft’s rule. Applications of colloids.  

 

     Unit III  Thermodynamics 

  1.1.Energetics: Energy – various forms of energy – internal energy – first law of 

thermodynamics and its mathematical derivation – enthalpy: Definition – Molar heat capacity 

at constant volume and constant pressure – relationship between Cp and Cv – Hess’s law – 

applications of Hess’s law. 

  1.2.Second law of thermodynamics in different forms – Distinction between  reversible 

and irreversible processes – thermo dynamical criteria for reversible and irreversible processes 

– entropy  – physical significances of entropy - Derivation of Helmholtz free energy change and 

Gibbs free energy change. 

 

Unit IV  Surface processes and kinetics 

  4.1.Adsorption: Definitions of adsorbate, adsorbent and interface. Distinction between 

physisorption and chemisorptions. Adsorption of gases on solids – Freundlich isotherm. 

Surfactants definition with examples. Applications of adsorptions. 

  4.2.Distribution law: distribution law and distribution constant. Applications of 

distribution law. Distribution of a component between two immiscible solvents and Solvent  

extraction, 
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  4.3.Chemical Kinetics: rate and rate constant of a chemical reaction. Order and 

molecularity of reaction. Factors deciding the rate of a reaction. First order rate equation. Half 

life of a reaction. 

  4.4.Catalysis : Homogeneous and heterogeneous catalysis – promoters and catalytic 

poisons – autocatalysis – Acid-base catalysis – Enzyme catalysis. 

 

 

 

Unit V   Periodic table: 

5.1. Modern periodic law and periodic arrangement of elements. Variation physical and 

chemical properties. Classification - elements as metals, non-metals and metals. Inert pair 

effect. 

5.2. Hydrogen– Position of Hydrogen in the Periodic Table – Resemblance with alkali 

metals – Resemblance with the Halogens - Isotopes of Hydrogen– Heavy Hydrogen – Ortho and 

Para Hydrogen – Differences between Ortho and Para Hydrogen  

5.3.Hydrides – Definition – classification – preparation and properties of lithium aluminium 

hydride and sodium borohydride. 

5.4.Oxides – Definition – Classification of oxides based on their oxygen content with  

suitable examples . 
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Unit I   States of matter - I         

1.1. Gaseous state:  

Postulates of Kinetic Theory of Gases 

           The following assumptions are made in developing Kinetic theory of gases.  

1. All gases consist of some basic units called molecules. The molecules are made up of 

single or group of atoms depending on the chemical nature of the gas. 

2. The molecules move in random direction with random speed. 

3. The molecules undergo collisions among themselves and to the walls of the container. 

These collisions are perfectly elastic.  

4. The size of the molecule is very small compared to the average intermolecular distance.  

5. The molecules obey Newton's Law of Motion. 

6. The number of gas molecules is so large that at every position of infinitesimal volume of 

the container, the density and distribution of different physical parameters are same. The 

above parameters are also independent of direction and time at a steady state. 

Derivation of expression for pressure of gas on the basis of kinetic theory 
 Starting from the postulates of the kinetic molecular theory of gases we can develop an 
important equation. This equation expresses PV of a gas in terms of the number of molecules, 
molecular mass and molecular velocity. This equation which we shall name as the Kinetic Gas 

Equation may be derived by the following clauses. 
 
 Let us consider a certain mass of gas enclosed in a cubic box at a fixed temperature. 
Suppose that : 
  the length of each side of the box = l cm 
  the total number of gas molecules = n 

  the mass of one molecule = m 

  the velocity of a molecule = v 

 

The kinetic gas equation may be derived by the following steps : 

 
(1) Resolution of Velocity v of a Single Molecule Along X, Y and Z Axes 

According to the kinetic theory, a molecule of a gas can move with velocity v in any direction. 
Velocity is a vector quantity and can be resolved into the components vx, vy, vz along the X, Y 

and Z axes. These components are related to the velocity v by the following expression. 
 
V2= v2

x+ v2
y+ v2

z 
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Now we can consider the motion of a single molecule moving with the component 
velocitiesindependently in each direction. 
 
(2) The Number of Collisions Per Second on Face A Due to One Molecule 

Consider a molecule moving in OX direction between opposite faces A and B. It will strike the 
face A with velocity vx and rebound with velocity – vx. To hit the same face again, the molecule 
must travel l cm to collide with the opposite face B and then again l cm to return to face A. 
Therefore,  
 

  the time between two collisions of face Av = 
L3
yzseconds 

  the number of collisions per second on face A= 
yz
L3  

 

(3) The Total Change of Momentum on All Faces of the Box Due to One Molecule Only 

Each impact of the molecule on the face A causes a change of momentum (mass × velocity) : 

the momentum before the impact = mvx 

          the momentum after the impact = m (– vx) 

∴ the change of momentum = mvx – (– mvx) 

                                                       = 2 mvx 

But the number of collisions per second on face A due to one molecule =
|}
L3 

Therefore, the total change of momentum per second on face A caused by one molecule 

= 2m VE x (
yz
L3 ) 

= 
� �}�

3  
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The change of momentum on both the opposite faces A and B along X-axis would be double i.e., 

2mvx
2/ l similarly, the change of momentum along Y-axis and Z-axis will be 2mvy

2/ l and 2mvz
2 / l 

respectively. Hence, the overall change of momentum per second on all faces of the box will be 

 

 
 

(4) Total Change of Momentum Due to Impacts of All the Molecules on All Faces of the 

Box 

 Suppose there are N molecules in the box each of which is moving with a different 

velocity v1, v2, v3, etc. The total change of momentum due to impacts of all the molecules on all 

faces of the box  

where u2 is the mean square velocity. 

 

 

 

(5) Calculation of Pressure from Change of Momentum; Derivation of Kinetic Gas 

Equation 

Since force may be defined as the change in momentum per second, we can write 
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 This is the fundamental equation of the kinetic molecular theory of gases. It is called the 

KineticGas equation. This equation although derived for a cubical vessel, is equally valid for a 

vessel of anyshape. The available volume in the vessel could well be considered as made up of a 

large number ofinfinitesimally small cubes for each of which the equation holds. 

Significance of the term u. As stated in clause (4) u2 is the mean of the squares of the 

individualvelocities of all the N molecules of the gas. But u = u2 . Therefore u is called the Root 

Mean Square(or RMS) Velocity. 

 

Deduction of gas laws from kinetic gas equation 

a) Boyle’s law 

 According to the Kinetic Theory, there is a direct proportionality between absolute 

temperature and average kinetic energy of the molecules i.e., 

    
�
LmNu2 ∝ T 

     
�
L mNu2 = kT 

     
�
L x

�
�mNu2 = kT 

     
�
�mNu2 = 

L
�kT 

Substituting the above value in the kinetic gas equation PV= 
�
�mNu2, we have  

     PV=
�
.kT 

The product PV, therefore, will have a constant value at a constant temperature. This is Boyle’s 

law. 

b) Charle’s law 
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 At constant pressure, volume of a gas is proportional to Kelvin temperature and this is 

Charle’s Law. 

As derived above 

     PV=
L
�kT 

     V=
L
 �x 

?
�T 

(or) At constant pressure, 

     V=K’T  where K’= 
�
.x 

�
�  

 

      V∝T 

 

c) Avogadro’s law 

If equal volume of two gases be consider at same pressure,  

     PV= 
�
� m1N1u1

2   ------ 1st gas 

     PV= 
�
� m2N2u2

2 ------- 2nd gas 

   
�
� m1N1u1

2   =  
�
� m2N2u2

2   ---------------------- (1) 

When the temperature (T) of both the gases is the same, their mean kinetic energy per molecules 

will also be the same 

i.e.,                                               
�
� m1u1

2   =  
�
� m2u2

2 --------------------- (2) 

Dividing (1) by (2), we have 

      N1= N2 

Under the same conditions of temperature and pressure, equal volumes of two gases contain the 

same number of molecules. This is Avogadro’s Law. 

 

c) Graham’s law of Diffusion 

 If m1and m2 are the masses, u1 and u2 are the velocities of the molecules of gases 1 and 2, 

at same pressure and volume. 

    

     
�
�m1N1u1

2 =  
�
�m2N2u2

2 

By Avogadro’s Law 

      N1= N2 

     m1u1
2   = m2u2

2
  

     ���
���L

=  
��
�� 
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��
�� = ���

�� 

The rate of diffusion (r) is proportional to the velocity of molecules (u), Therefore, 

 
������1������������� �
������1������������� L = 

��
�� = ���

�� 

 

1.2. Ideal and Real gases 

Ideal Gas: 

 1.It obeys ideal gas equation pV = nRT at all temperatures and pressures. 

 2.The volume of the molecules of an ideal gas is zero. 

 3.There is no intermolecular force between the molecules. 

 4.There is no intermolecular potential energy (U) because intermolecular force (F) 

 is zero. 

 5.It has only kinetic energy. 

 6.At absolute zero, the volume pressure and internal energy become zero. 

Real Gas: 

 1.It does not obey pV = nRT at all values of temperature and pressure. 

 2.The volume of the molecules of a real gas is non-zero. 

 3.There is intermolecular force of attraction or repulsion depending on whether 

 intermolecular separation is larger or small. Potential energy (U) does not equal to 

 zero as intermolecular force (F) is not zero. 

 4.It has both kinetic and potential energy. 

 5.All real gases get liquified before reaching absolute zero. The internal energy of 

 the liquefied gas is not zero. 

Derivation of real gases from ideal behaviour 

  Real gases do not obey ideal gas equation under all conditions. They nearly obey ideal 

gas equation at higher temperatures and very low pressures. However they show deviations from 

ideality at low temperatures and high pressures.  

The deviations from ideal gas behaviour can be illustrated as follows:  

The isotherms obtained by plotting pressure, P against volume, V for real gases do not coincide 
with that of ideal gas, as shown below. 
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It is clear from above graphs that the volume of real gas is more than or less than expected in 

certain cases. The deviation from ideal gas behaviour can also be expressed by compressibility 

factor, Z. 

Compressibility factor (Z):  

The ratio of PV to nRT is known as compressibility factor.  

      (or)  

The ratio of volume of real gas, Vreal to the ideal volume of that gas, Vperfect calculated by ideal 
gas equation is known as compressibility factor.  

 

But from ideal gas equation:  

      PVperfect = nRT  (or) 

       

 

Therefore 
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 * For ideal or perfect gases, the compressibility factor, Z = 1.  

 * But for real gases, Z ≠1.  

Case-I : If Z>1  

 * Vreal> Videal  

 * The repulsion forces become more significant than the attractive forces.  

 * The gas cannot be compressed easily.  

 * Usually the Z > 1 for so called permanent gases like He, H2 etc.   

Case-II: If Z < 1  

 * Vreal< Videal  

 * The attractive forces are more significant than the repulsive forces.  

 * The gas can be liquefied easily.  

 * Usually the Z < 1 for gases like NH3, CO2, SO2 etc. 

Derivation of Van der Waal gas equation 

 van der Waal suggested the following corrections:  

 * The gas molecules possess finite volume and hence should not be neglected. It is 
 especially true at high pressures and low temperatures and should be accounted  for.  

 * In case of real gases, both the forces of attraction as well as repulsion operate 
 between gas molecules.  

Note: If the gases obey the kinetic theory of gases, then they cannot be compressed since the 
attractions between the gas molecules is negligible. 

 Also the following corrections are applied by van der Waals to the ideal gas equation:  

Volume correction:  
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 The volume available for the gas molecules is less than the volume of the  container, V.  

 The available volume is obtained by subtracting excluded volume of ‘n’  moles of gas, 
nb from the volume of the container.  

Available volume = V - nb 

 Where 'b' is a constant characteristic of a gas.  

 The ideal gas equation can be written after correcting for this as:  

P(V-nb) = nRT 

Pressure correction:  

 The pressure of the real gas is less than the expected pressure due to  attractions 
between the molecules. These attractions slow down the motion  of gas molecules and result 
in:  

 i) reduction of frequency of collissions over the walls and  

 ii) reduction in the force with which the molecules strike the walls.  

 Hence  

Pideal = Preal + p 

 Where p = reduction in pressure  

 However the reduction in pressure is proportional to the square of molar  concentration, 
n/V. 

 

One factor for reduction in frequency of collisions and the second factor for reduction in strength 
of their impulses on the walls. 

      or 

 

where ‘a’ is a proportionality constant characteristic of a gas. 
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 Therefore: 

 

Now the ideal gas equation can be modified once again by introducing this pressure correction 
as: 

 

This is known as van der Waals equation of state.  

For one mole of a gas, the equation can be written as:  

 

Where Vm = volume occupied by one mole of a real gas 

 Remember that:  

P = observed pressure of the real gas  

Whereas,  

 V = volume occupied by the real gas and is equal to the volume of the container.  

whereas, (V - nb) = available volume for gas molecules 

 

 1.3. DIFFERENT KIND OF VELOCITIES 

(1) Average (Mean) velocity:  

Let therebe n molecules of a gas having individual velocitiesu1+ u2+ u3…….un . The ordinary 
average velocity is the arithmetic mean of the various velocities of the molecules. It is denoted as 
��.  
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      u1+ u2+ u3---------un 
��= ----------------------------------- 
                        n  
where u1, u2, u3are the velocities of the gas molecules.  
 
        n is the number of molecules in the gas.  
 
From Maxwell equation it has been established that the average velocity vav is given by the 
expression. 

    �� = ����
��  

 Substituting the values of R,T, � and M in this expression, the average value can be 
calculated. 

(2) Root Mean Square Velocity 

 If  U1, u2, u3……..un are the velocities of n molecules in a gas, µ2, the mean of the squares 
of all the velocities is  
 

      U1
2+ u2

2+ u3
2---------u2

n 
                                µ2= ----------------------------------- 
                        n 

    U1
2+ u2

2+ u3
2---------u2

n 
                                µ= ----------------------------------- 
                                                         n 

µ is thus the root Mean Square velocity or RMS velocity. It is denoted by u. 

The value of the RMS of velocity u, at a given temperature can be calculated from the kinetic gas 
equation. 

     PV= 
�
�mNu2 

     u2= 
��|
��  

For one mole of gas 

     PV=RT 
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     u2= 
���

�  

     u2 =����
�  

By substituting the values of R,T and M, the value of u (RMS velocity) can be determined.  

(3) Most probable velocity 

 As already stated the most probable velocity is possessed by the largest number of 
molecules in a gas. According to the calculations made by Maxwell, the most probably velocity, 
vmps is given by the expression. 

     vmps =�L��
�  

By substituting the values of R, T and M, the value of the most probable velocity can be 
determined.  

 

 

Calculations of different velocity 

1. Calculate the root mean square velocity of CO2 molecule at 1000 oC. 

Solution: 

 T = 273 + 1000          M=44 

    = 1273 K   

Applying the equation:  

  u = 1.58 x 104 x ��
� 

  u = 1.58 x 104 x ��L��
    

u = 84985 cm sec-1 

 2. Calculate the average velocity of nitrogen molecule at STP 

Solution: 

 In this example we have , 

 P= 1 atm = 76 x 13.6 x 981 dynes cm-2 

 V = 22,400 ml 
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 M = 28 

Substituting these values in the equation 

  u = ���|
�  

  u =�� × �¡ × ��.¡×¢��×LL ��
L�  

   = 49,330 cm sec-1 

  Average velocity = 0.9213 X 49330cm sec-1 

   = 45, 447 cm sec-1 

 

 

3. Calculation of most probable velocity of nitrogen molecules, N2 at 15 oC 

Solution  

 In this case we have 

  Vmp = 1.29 x 104��
� 

 Where T expressed in Kelvin and M to Mass. 

   T = 273 + 15  

      =288 K 

        Vmp = 1.29 x 104��
� 

         Vmp = 1.29 x 104�L��
L�  

   = 4.137x 104 cm sec-1 
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Unit II- States of matter - II 

1.1.Liquid state:Sold, liquid, and gas all have volume and shape. They are all made up of 
atoms, molecules, or ions. Liquids and solids can be referred to as condensed phased 
because their particles are close together. Liquids and gases flow easily because their particles 
can move or slide past one another. 
Surface tension 
Surface tension could be defined as the property of the surface of a liquid that allows it to resist 
an external force, due to the cohesive nature of the water molecules. 
viscosity : The viscosity of a fluid is a measure of its resistance to deformation at a given rate. 
For liquids, it corresponds to the informal concept of "thickness": for example, syrup has a 
higher viscosity than water. 
Viscosity is a measure of a fluid's resistance to flow. It describes the internal friction of a moving 
fluid. A fluidwith large viscosity resists motion because its molecular makeup gives it a lot of 
internal friction. 
Trouton’s rule and its significances Trouton's rule is simply an “empirical rule” which helps to 
calculate approximately the heat of vaporization of a substance with only the help of its boiling 
point . 
1.2.Solid state: 

types of solids  Solids can be classified into two types: crystalline and amorphous. Crystalline 

solids are the most common type of solid. They are characterized by a regular crystalline 
organization of atoms that confer a long-range order. Amorphous, or non-crystalline, solids lack 
this long-range order. 
crystallographic systems 

• There are six Crystal System. 
• The CUBIC (also called Isometric system) 
• The TETRAGONAL system. 
• The HEXAGONAL system. 
• The ORTHORHOMBIC system. 
• The MONOCLINIC system. 
• The TRICLINIC system. 

 
Conductors and insulators 
Conductors are materials that permit electrons to flow freely from particle to particle. 
... Conductors allow for charge transfer through the free movement of electrons. In contrast 
to conductors, insulators are materials that impede the free flow of electrons from atom to atom 
and molecule to molecule. 
Examples of conductors include metals, aqueous solutions of salts (i.e., ionic compounds 
dissolved in water), graphite, and the human body. Examples of insulators include plastics, 
Styrofoam, paper, rubber, glass and dry air. 

semiconductors. Intrinsic and extrinsic semiconductors. 
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The semiconductor is divided into two types. The pure form of the semiconductor is known as 
the intrinsic semiconductor and the semiconductor in which intentionally impurities is added 
for making it conductive is known as the extrinsic semiconductor 

1.3.Colloidal state. 

a colloid is a phase separated mixture in which one substance of microscopically dispersed 
insoluble or soluble particles is suspended throughout another substance. Sometimes the 
dispersed substance alone is called the colloid;[ 

classifications and examples for hydrophilic and hydrophobic sols 
A hydrophilic colloid, or hydrocolloid, is defined as a colloid system in which the colloid 
particles are hydrophilic polymers dispersed in water. Hydrocolloids can be either reversible or 
irreversible (single-state). 
A hydrophobic colloid, or emulsion, is defined as a colloid system where the colloid particles 
are hydrophobic polymers. Hydrophobic colloids do not interact with water, so they are 
inherently unstable and generally do not form spontaneously. 
emulsions  
Depending upon the nature of the dispersed phase, the emulsions are classified as; ... (ii) Water-
in-oil emulsion (W/O) : The emulsion in which water forms the dispersed phase, and the oil acts 
as the dispersion medium is called a water-in-oil emulsion. These emulsion are also termed 
oil emulsions. 
The Bancroft rule states: "The phase in which an emulsifier is more soluble constitutes the 
continuous phase." It was named after Wilder Dwight Bancroft, an American physical chemist, 
who proposed the rule in the 1910s. In all of the typical emulsions, there are tiny particles 
suspended in a liquid.  
Commercial Applications of Colloid 

• A colloid is used as thickening agents in industrial products such as lubricants, lotions, 
toothpaste, coatings, etc. 

• In the manufacture of paints and inks, colloids are useful. 
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UNIT –III 

THERMODYNAMICS 

ENERGETICS 

1. Energy 

Energy may be defined as the capacity of a system to do work. It exists in different forms 

1.) Kinetic energy 

2.) Potential energy 

3.) Mechanical energy 

4.) Thermal energy 

5.) Light energy 

6.) Nuclear energy 

7.) Chemical energy 

Energy is expressed in ergs or jouls 

2. Internal  energy: 

A thermodynamic system has within itself a definite quantity of energy. This is called the 

internal energy.  It is the sum of the rotational, vibrational  and electronic energy of the 

nucleus and electrons present in the molecules of a system. 

E = Erot + Evib + Eel 

3. First  Law of Thermodynamics: 

Energy can be transformed from one form to another but it can neither be created not be 

destroyed. 

Mathematical formulation: 

Consider a system which changes from state 1 to 2 by absorbing heat (q). The absorbed 

heat is utilized in two ways. 

1. To increase the internal energy of the system from E1 to E2 i.e. E   

E = E2 – E1 

 

dq =  dE + dw      ------- 2  

Equation (2) is the differential form of the first law of thermodynamics 

4. Enthalphy of system: 
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When a gas (system) expands under isothermal conditions against an external pressure P, 

the volume changes from V1 to V2. Now the gas performs mechanical work w. 

Work done by the gas = External pressure X Volume changes 

W = P (V2 –V1) 

W = P V      -------- 1 

According to first law of thermodynamics 

q = E + w     

Substituting the value of w form (1) 

q = E + P V      --------   2 

The quantity   E + P V is called the enthalpy change ( H) 

H = E + P  

5. Molar heat capcities: 

The capacity of one mole of a substance to absorb and store heat energy is called heat 

capacity. It is defined as the quantity of heat required to raise the temperature of one mole 

of a substance by one degree. Mathematically 

 

The molar heat capacity of a gaseous substance is expressed in two ways: 

1. Molar heat capacity at constant volume (Cv) 

2. Molar heat capacity at constant Pressure (Cp) 

 

According to First law of thermodynamics  

dq = dE + PdV 

 dT
C =

dE + PdV
(1)

 

If absorption of heat takes place at constant volume dV = 0, Thus, equation (1) reduces as 
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Thus, the molar heat capacity at constant volume is defined as the internal energy changes per 
degree rise of temperature 

2.Molar heat capacity at constant pressure (Cp) 

 

If the gas absorbs heat at constant pressure, then 

dH = dE + PdV 

 

 

Thus, the molar heat capacity at constant pressure is defined as the enthalhy change per degree 
rise of temperature. 

6. Relationship between Cp and Cv: 

H = E+ PV 

Differentiating w.t.t.T 

 

For I mole of gas 

PV = RT 
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dH

dT dT
=

dE
+ R

 

 

 

Hess’s Law: 

Chemical reactions are accompanied by absorption or liberation of heat is called Hess’s 
Law of constant heat summation. The law states that the amount of heat absorbed or 
liberated in a chemical reaction is the same whether the reaction takes place in one step or 
in several steps. 

Illustration: 

(i) Formation of CO2 gas in a single step: 

C(s) + O2(g) CO2(g) H = - q1Cals  

(ii) Formation of CO2 gas in two steps: 

 

 

According to Hess’s law  

 

 

Application of Hess’s law 

(i) Calculation of enthalpy  of formation 
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Add eqns (a) and (b) and equate to (c) 

 

 

(i).Calculation of enthalpy of transition 

The transition of rhombic sulphur to monoclinic sulphur is so slow that direct measurement of 
enthalpy change is not possible for such a transition. However, it may be calculated using Hess’s 
Law. 

 

Substract eqn (b) from (a) and equate to (c) 

 

Second law of Thermodynamics 

The second law of thermodynamics has been stated in various forms. All the statements have the 
same meaning 

1 Kelvin statement: It is impossible to construct a heat engine which is able to convert heat 
completely into work by a cyclic process without producing any change in the working system. 

2.Clausius statement: It is impossible to construct a heat engine which is able to convey heat by a 
cyclic process from a cold reservoir to a hot reservoir without the aid an external energy. 

3.Thomson statement: The heat of a cold reservoir participating in cyclic process cannot serve as 
source of work 

4.Entropy statement: The entropy of the universe remains constant in a reversible process but it 
tends to increase in a spontaneous (irreversible) process. 
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Reversible and irreversible processes: 

Reversible processes: 

A process which takes place infinitesimally slowly so that the system is in the thermodynamics 
equilibrium with its surroundings is called as reversible process. 

Examples 

(i) Ice exists in equilibrium with water at the freezing point of water (0oC) 

 

(ii) Water exists in equilibrium with the vapour at its normal boiling point 

 

Irreversible process: 

A process which takes place rapidly or spontaneously so that the system is not in thermodynamic 
equilibrium with its surroundings is called an irreversible or spontaneous process. All naturally 
occurring processes are spontaneous and irreversible 

Examples 

(i) Water flows downhill spontaneously 

(ii) Heat flows spontaneously from a hot body to a cold body  

(iii) A gas expands spontaneously into vacuum. 

Differences between Reversible and Irreversible processes: 

Reversible processes Irreversible processes 

Proceeds extremely slowly Proceeds rapidly 

Carried out in an infinite number of steps carried out in a single step 

The system remains in equilibrium with its 
surroundings 

The system does not remain in equilibrium 
with its surrounds 

Can be reversed by a small change in a 
variable 

Cannot be easily reversed 

Takes infinite time for completion Takes finite time for completion 
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Ideal process Real process 

Maximum work is obtainable Only a small amount of work is obtainable 

 

Entropy: 

q/T is a constant for a reversible cyclic process. When a system undergoes isothermal reverible 
change . q/T is called entropy change  

 

It is defined as the ratio of the heat absorbed and the temperature in the absolute scale. 

Physical signifiances of entropy: 

1. Entropy is a measure of the disorder of a system increase in entropy implies in disorder 

dS > 0 

The disorderliness increases in the order 

Solid< Liquid < gas 

2. Entropy is a measure of probability: 

There is a close relative between S and thermodynamics probability W of the state of the 
system 

S = klnW 

Where K = Boltzman constant 

Evaporation of a liquid is accompanied by increase in entropy. This shows that the system passes 
from a less probable to a more probable state 

Free energy: 

In thermodynamics, two new functions have been derived from the concepts of energy as criteria 
for spontaneity of a process. 

1.Helmholtz free energy A 

2.Gibbs free energy G 

1.Helmholtz free energy 
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dq = dE + w (First law) 

dq = TdS (Second law) 

TdS = dE +w 

dE- TdS = -w --------1 

d(E-TS) = -w 

The quantity (E-TS) is referred to as Helmholtz free energy and is represented by A 

A = E-TS 

dA = dE-TdS ---------2 

dA = -w 

for a reversible process 

dA = -wrev 

-dA = wrev 

The work done in a reversible process is maximum  

-dA = wmax 

Thus, the decrease in function A gives the maximum work that can do obtained in an isothermal 
reversible process. For this reason, the Helmholtz free energy is often called work function 

Gibbs free energy 

dq = dE + w (First law) 

dq = TdS (Second law) 

TdS = dE +w    

dE = TdS –w    ------1 

dH = dE+ PdV  ------2 

substituting the value of dE in Eqn (2) 

dH = TdS –w +PdV 

dH-TdS = -w + PdV ----3 
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d(H-TS) = -w +PdV 

The quantity (H-TS) is referred to as Gibbs free energy and is represented by G 

G = H-TS 

dG = dH – TdS   ------4 

comparing eqns 3 and 4 

dG = -w + PdV 

-dG = w – PdV 

For a reversible process w is maximum 

-dG = wmax – PdV 

-dG = wmax-wexpansion 

Thus, the decrease in function G gives the useful work that can be obtained in an isothermal 
reversible process 

Relationship between A and G 

dG = dA + PdV 

Differences between Helmoltz free energy and Gibbs free energy 

S.No Helmoltz free energy Gibbs free energy 

1 Gives the maximum work obtainable 
from a system 

Gives the net useful work obtainable from a 
system 

2 Includes all kinds of work Includes work other than mechanical work 

3 Originates from internal energy of the 
system  

A = E- TS 

Originates from enthalphy of the system 

G = H -TS 

 

 

Thermodynamical criteria for reversible and irreversible processes 

A process proceeds with a change in any of the thermodynamics property of the system and its 
surroundings. This change determines whether the process proceeds reversibly or irreversibly 

1.Criterion in terms of enthalpy 
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 dH = 0 Reversible process 

 dH < 0 Irreversible or spontaneous process 

2 Criterion in terms of enthalpy 

 dS = 0 Reversible process 

 dS > 0 Irreversible or spontaneous process 

3.Criterion in terms of enthalpy 

 dG = 0 Reversible process 

 dG <  0 Irreversible or spontaneous process 

Reversible process Irreversible or spontaneous process 

dH = 0 dH < 0 

dS = 0 dS > 0 

dG = 0 dG <  0 
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Unit IV  Surface processes and kinetics 

4.1 Adsorption: is defined as the deposition of molecular species onto the surface. The 

molecular species that gets adsorbed on the surface is known as adsorbate and the surface on 

which adsorption occurs is known as adsorbent. Common examples of adsorbents are clay, 

silica gel, colloids, metals etc. 

Adsorbate :The substance which gets adsorbed on any surface is called adsorbate for example, 

if a gas gets adsorbed on to the surface of a solid, then the gas is termed as the adsorbate.  

Adsorbent : The substance on the surface of which adsorption takes place is called adsorbent. 

Interfaces:The adsorption phenomenon occurs at all interfaces. The following types of 

interfaces can exist: 1) Solid-Gas 2) Liquid-Gas 3) Solid-Liquid 4) Solid-Solid 5) Liquid-Liquid 

However, the solid-liquid Interface has found greater application in many electrochemical, 

chemical, and biological processes. 

 

 

Distinguish between physisorption and chemisorption: 

Physisorption Chemisorption 

The weak Van-der Waal's forces 

bind the adsorbent and adsorbate 

together. There is no transfer or 

sharing of electron between the 

adsorbate and adsorbent 

The adsorption of a substance at a surface 

involves the formation of chemical bonds 

between the adsorbate and adsorbent due to 

transfer or sharing of electron. 

characterized by low heat of 

adsorption usually less than 10 

Kcal/mole [63-84 KJ/mol] 

characterized by high degree of heat of 

adsorption i.e. more than 20-150 Kcal/mole 

It is reversible in nature and non-

specific with respect to the 

adsorbent. 

It is usually irreversible in nature and 

nonspecific with both adsorbate and 

adsorbent. 

Formation of multilayer Formation of multilayer monolayer, 

Occurs only at low  temperature Occurs only at high temperatures 

 

Adsorption of gases on solids – Freundlich isotherm. 



 

Freundlich adsorption isotherm

the quantity of a gas adsorbed onto a solid surface and the gas pressure.

 Herbert Freundlich gave an expression representing the isothermal variation of adsorption of a 

quantity of gas adsorbed by unit mass of solid adsorbent with gas pressure

This equation is known as Freundlich adsorption isotherm or Freundlich adsorption equation.

X = mass of the adsorbate 

M = mass of the adsorbent 

P =Equllibrium pressure 

C = Equllibrium concentration 

Surfactant, also called surface-active agent

a liquid, reduces its surface tension

the dyeing of textiles, surfactants help the

disperse aqueous suspensions of insoluble dyes and

The surface-active molecule must be partly

partly lipophilic (soluble in lipids, or oils). It concentrates at the

droplets of water and those of oil, or lipids, to act as an emulsifying agent, or foaming agent.

Other surfactants that are more lipophilic and less hydrophilic may be used as defoaming agents, 

or as demulsifiers. Certain surfactants are germicides,

Sodium stearate is a good example of a surfactant. It is the most common surfactant in soap.

Applications of Adsorption 

1) Air pollution masks 
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adsorption isotherm, an adsorption isotherm, is an empirical relationship between 

the quantity of a gas adsorbed onto a solid surface and the gas pressure. 

gave an expression representing the isothermal variation of adsorption of a 

tity of gas adsorbed by unit mass of solid adsorbent with gas pressure 

This equation is known as Freundlich adsorption isotherm or Freundlich adsorption equation.

 

active agent, substance such as a detergent that, when added to 

surface tension, thereby increasing its spreading and wetting properties. In 

, surfactants help the dye penetrate the fabric evenly. They are used to 

disperse aqueous suspensions of insoluble dyes and perfumes. 

must be partly hydrophilic (water-soluble) and 

lipids, or oils). It concentrates at the interfaces between bodies or 

oil, or lipids, to act as an emulsifying agent, or foaming agent.

Other surfactants that are more lipophilic and less hydrophilic may be used as defoaming agents, 

actants are germicides, fungicides, and insecticides.

stearate is a good example of a surfactant. It is the most common surfactant in soap.

, is an empirical relationship between 

gave an expression representing the isothermal variation of adsorption of a 

This equation is known as Freundlich adsorption isotherm or Freundlich adsorption equation.  

that, when added to 

, thereby increasing its spreading and wetting properties. In 

penetrate the fabric evenly. They are used to 

interfaces between bodies or 

oil, or lipids, to act as an emulsifying agent, or foaming agent. 

Other surfactants that are more lipophilic and less hydrophilic may be used as defoaming agents, 

insecticides. 

stearate is a good example of a surfactant. It is the most common surfactant in soap.  
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2) Separation of noble gases by Dewar's flask process 

3) Purification of water 

4) Removal of moisture and humidity 

5) Adsorption chromatography 

6) Ion exchange method 

7) In metallurgy 

4.2 Nernst Distribution Law:“At constant temperature, a solute distributes itself between two 

immiscible solvents only in a particular ratio” 

i.e.  the law that determines the relative distribution of a component that is soluble in two liquids, 

these liquids being immiscible or miscible to a limited extent. This law is one of the laws 

applying to ideal dilute solutions. It was discovered by W. Nernst in 1890. The Nernst 

distribution law states that, at equilibrium, the ratio of the concentrations of a third component in 

two liquid phases is constant. The law may be expressed in the form  

c1/c2 = k  

where c1 and c2 are the molar equilibrium concentrations of the third component in the first and 

second phase, respectively;  the constant k is the distribution coefficient, which is temperature 

dependent. 

 

When a solute is shaken with two non-miscible solvents, at equilibrium both the solvents are 

saturated with the solute. Since the solubility also represents concentration, we can write 

the distribution law as C1/C2 = S1/S2 = KD where S1 and S2 are the solubilities of the solute in 

the two solvents. 

Solubility of a solute can be measured. One substance can be extracted from the solution 

containing various substances. Used in high performance liquid chromatography. 

 Distribution of solute between two immiscible solvents: Extraction is a method used to isolate 

a chemical from a mixture based on its relative solubility in two immiscible solvents. ... 

A solvent with a higher density will be on the bottom and the lower density will be on the top. 

Solvent extraction is the process in which a compound transfers from one solvent to another 

owing to the difference in solubility or distribution coefficient between these two immiscible (or 

slightly soluble) solvents. 
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Solvent extraction is a method to separate compounds based on their relative solubilities in two 

different immiscible liquids, usually water and an organic solvent. It's advantageous to 

do extraction in successive stages using smaller lots of solvents rather than 

doing extraction once using the entire lot 

The most common pair of extraction solvents used is diethyl ether (often referred to as simply 

'ether') and water. 

4.3 Rate and rate constant of a chemical reaction 

The Reaction Rate for a given chemical reaction is the measure of the change in concentration 
of the reactants or the change in concentration of the products per unit time. The speed of a 
chemical reaction may be defined as the change in concentration of a substance divided by the 
time interval during which this change is observed: 

the reaction rate is often found to have the form: 

A → B 

r  = k [A]; k is rate constant 

The order of reaction is an empirical quantity determined by experiment from the rate law of 
the reaction. It is the sum of the exponents in the rate law equation.  

Molecularity, on the other hand, is deduced from the mechanism of an elementary reaction, and 
is used only in context of an elementary reaction. 

Factors that can affect the reaction rate of a chemical reaction: 

• Reactant concentration. Increasing the concentration of one or more reactants will often 
increase the rate of reaction. 

• Physical state of the reactants and surface area.  
• Temperature.  
• Presence of a catalyst. 

First order rate equation: 

Rate of reaction = v = -d[A]/dt = d[B]/dt = k1[A]  

where k1 is the 1st-order rate constant for the forward reaction,  

[A] is the reactant concentration, and  

[B] is the product concentration.  

The rate of the reaction (or its velocity v) is given either by the rate of disappearance of 
[A] or appearance of [B]. 

Half-life period: 

In a chemical reaction, the half-life of a species is the time it takes for the concentration of that 
substance to fall to half of its initial value. In a first-order reaction the half-life of the reactant is 
ln(2)/λ, where λ is the reaction rate constant. 
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4.4 Catalysis 

Homogeneous catalysis refers to reactions where the catalyst is in the same phase as the 

reactants, principally in solution. 

Acid catalysis, organometallic catalysis, and enzymatic catalysis are examples of 

homogeneous catalysis. 

 In contrast, heterogeneous catalysis describes processes where the catalysts and substrate are 

in distinct phases, typically solid-gas, respectively.  

A common example of heterogeneous catalysis is the hydrogenation reaction of simple alkenes. 

The conversion of ethene (C2H4) to ethane (C2H6) can be performed with hydrogen gas in the 

presence of a metal catalyst such as palladium. 

Promoters :Substances which themselves are not catalysts, but when mixed in small quantities 

with the catalysts increase their efficiency are called as promoters or activators. 

 For example, in Haber's process for the synthesis of ammonia, traces of molybdenum increases 

the activity of finely divided iron which acts as a catalyst. 

Catalytic poisons: Substances which destroy the activity of the catalyst by their presence are 

known as catalytic poisons 

In the manufacture of NH3 by Haber's process , activity of Fe catalyst is destroyed by H2S . 

Therefore it acts as poison for Fe Catalyst. 

In autocatalysis, the reaction is catalysed by one of its products. One of the 

simplest examples of this is in the oxidation of a solution of ethanedioic acid (oxalic acid) by an 

acidified solution of potassium manganate(VII) (potassium permanganate).  

Acid–base catalysis, acceleration of a chemical reaction by the addition of an acid or a base, the 

acid or base itself not being consumed in the reaction. The catalytic reaction may be acid-specific 

(acid catalysis), as in the case of decomposition of the sugar sucrose into glucose and fructose in 

sulfuric acid; or base-specific (base catalysis), as in the addition of hydrogen cyanide to 

aldehydes and ketones in the presence of sodium hydroxide.  

Enzyme catalysis is the increase in the rate of a process by a biological molecule, an "enzyme". 

Most enzymes are proteins, and most such processes are chemical reactions. Within the enzyme, 

generally catalysis occurs at a localized site, called the active site. 

 Example: Normal conversion of glucose into ethanol by zymase (enzyme) present in yeast. 

C6H6O6 → 2C2H2OH + 2CO2 
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Unit V- Periodic table: 

PERIODIC TABLE 

5.1.INERT PAIR EFFECT:                                                                  

Among the p-block elements, the light elements show the group oxidation state. however, the 
heavier elements show group as well as group-2 oxidation states. For example, c and SI(Gr-iv) 
show the oxidation state +4. However, Ge, Sn and Pb exhibit +2 and +4 oxidation states. Ge (+4) 
and Sn (+4) compounds are more stable then Ge (+2) and Sn (+2) compounds. In contrast, Pb 
(+2) compounds are more stable than Pb (+4) compounds. This is due to the so-called “inert pair 
effect”. 

2.ISOTOPES OF HYDROGEN: 

       Atoms of given element having the same atomic number but different mass numbers are 
called isotopes. Such atoms will contain the same number of protons but different number of 
neutrons. Hydrogen has three isotopes with mass numbers 1 2 and 3.  

İ) HYDROGEN OR PROTIUM (1H
1): 

        It has one proton and no neutron in its nucleus. 

 

                                              111111   

 

 

İİ) HEAVY HYDROGEN OR DEUTERIUM (1H
2 OR 1D

2): 

         It is a heavier isotope of hydrogen. Its nucleus consists of one proton and one neutron. 

 

İİİ) TRITIUM (1H
3 OR 1T

3): 

         It is the radioactive isotope of hydrogen. It has one proton and two neutrons. 

 

 

 

 

1P 
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3. ORTHO AND PARA HYDROGEN: 

          Hydrogen molecule is composed of two hydrogen atoms. The spins of the two protons in 
the hydrogen molecule may be either in the same direction or in the opposite direction. This 
gives rise to two varieties of hydrogen molecule. 

İ) ORTHO HYDROGEN: 

      Spins of protons in the same direction (parallel spin) 

 

İİ) PRARA HYDROGEN: 

           Spins of protons in the opposite direction (antiparallel spin) 

 

 

4. POSITION OF HYDROGEN IN THA PERIODIC TABLE: 

          Hydrogen atom has one electron in its outermost orbital. It has equal tendency to lose its 
electron to form H+ ion (cf.NA+, K+ etc.) or gain an electron to from H - ion (Cf. F-,Clϕϕϕϕ - etc.) 
when H atom loses its electron, it resembles the alkali metals and when it gains an electron, it 
resembles halogens. 

RESEMBLANCE WITH THE ALKAIL MATALS: 

İ) ELECTRONIC CONFIGURATION: 

              Like alkali metals, hydrogen has one electron in its outermost orbital. 

                H     =      1     =      IS1 

                LI    =       3     =     1S22S1 

               NA    =      11    =     1S22S22P63S1 
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                K     =       19    =     1S2 2S2 2P6 3S2 3P6 4S1 

 

İİ) FORMATION OF CATION: 

               Hydrogen, like the alkali metals, has the tendency to lose an electron to form 
unipositive cation. 

                  H → H+ + e _ 

                  Na → Na+ + e _ 

İİİ) VALENCY: 

           Hydrogen is univalent like the alkali metals. 

İV) ELECTROPOSITIVE CHARACTER: 

            When a hydrogen halide (e.g. HCl) or oxide (e.g. acidified H2O) is electrolysed, 
hydrogen is liberated at the cathode. the electrolysis of fused alkali metal salts (e.g. NACL, Na2SO4 

etc) also give the metal at the cathode. this shows that hydrogen and alkali metals are electropositive in nature.   

              HCI Elect olysis         H++ Cl−  

              2H++ 2e− → H (cathode) 

               NaCl        Electrolysis        Na++Cl− 

               Na++ e − → Na (cathode) 

 

V) AFFINITY FOR NON−METAIS: 

           Like alkali metals, halogens, has one strong affinity for non – metals, and forms 
compounds such as H2O, HCl, H2S etc. (cf. Na2O, NaCl, Na2S)  

 

RESEMBIANCE WITH THE HAIOGENS: 

İ) ELECTRONIC CONFIGURATION: 

            Hydrogen, like halogens, has one electron less then next noble gas in its atom. 

Hydrogen & Halogens            Inert gas 

H = 1 = 1S1                                      He = 2 = 1S2 
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F = 9 =1S22S22P5                              Ne = 10 = 1S22S22P6 

Cl = 17 = 1S22S22P63S23P5               Ar = 18 = 1S22S22P63S23P6 

İİ) FORMATION OF ANION: 

              Just like halogens, hydrogen gains one electron to form unipositive anion 

               H + e− → H− 

               F + e− → F− 

İİİ) VALENCY:   

               Hydrogen is invariably univalent like the halogens in compounds in which they are 
negatively charged (e.g. LIH, LiCl) 

İV) ELECTRONEGATIVE CHARACTER: 

             When hydrides (e.g. LIH) are electrolysed, hydrogen is liberated at the anode. Similary, 
when halides are liberated are electrolysed, halogens are liberated at the anode. This shows that 
hydrogen and halogens both have electronegative character. 

 

                  LIH     Electrolysis       LI+ + H− 

                  2H− → H2 (anode) + 2e− 

                   NaCl        Electrolysis        Na+ + Cl− 

                   2Cl− → Cl2 (anode) + 2e− 

  V) NATURE: 

                Hydrogen is a non- medal like the halogens. 
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5. DIFFERENCES BETWEEN ORTHO AND PARA         HYDROGENS: 

 

PROPERTIES ORTHO HYDROGEN PARA   

HYDRODEN                       

1.INTERNAI ENERGY It has higher internal energy It has lower internal energy 
2. NUCLEAR MAGNETIC 

MOMENT  

It zero magnetic moment It has equal to unity magnetic 
moment 

3. BAND SPECTRA Different band spectra Different band spectra 
4.TEMPERATURE 
DEPENDENCE 

75% in the ortho form 100% in the para form 

5.STABILITY More stable Less stable 
 

 

6. HEAVY HYDROGEN: 

    PREPARATION: Heavy hydrogen is prepared conveniently from heavy water.it is obtained 
by prolonged electrolysis of 0.5N NaOH solution using nickel electrodes. 
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During electrolysis H is liberated more readily then D2. thus, the proportion of D2content in 
residual liquid increases and pure heavy water results after about seven stages of electrolysis. 
The heavy water thus obtained is decomposed by the action of sodium to liberate heavy 
hydrogen. 

               2D2O + 2Na →2NaOD + D2 

PROPERTIES:  

1.PHYSICAL PROPERTIES: Heavy hydrogen differs ordinary hydrogen in physical properties 
influenced by the atomic mass.  

DIFFERENCES BETWEEN HYDROGEN AND DEUTERIUM:  

 

PROPERTY H2 D2 

1. BOILING POINT 

 

 
      20.4K 

 
     23.6K 

2. MELTING POINT  
     13.95K 

 
     18.65K 

3. VAPOUR 

PRESSURE 

 
      5.4MM 

 
      5.8MM 

4. DENSITY       1.0000     1.0076 
 

 

2. CHEMICAL PROPERTIES: Heavy hydrogen resembles ordinary hydrogen in chemical 
properties influenced by electronic configuration. However, deuterium reacts slowly compared to 
hydrogen. 

 

İ) REACTION WITH OXYGEN:  

             Deuterium burns in oxygen at 560˚C to form heavy water. 

               2D2 + O2 →2D2O 

 

İİ) REACTION WITH NITROGEN: 

               Deuterium combines with nitrogen in the presence of a catalyst to deutero ammonia. 

                   3D2 + N2→2ND3 
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İİİ) REACTION WITH HAIOGENS:  

                 D combines with halogens to form deuterium halides. 

                       D2 + Cl2 
light ϕϕ 2DCl 

                        D2+ B2
     ∆       2DBr                       

USES OF HEAVY HYDROREN: 

İ) Deuterium is the source of deutons which of deutrons which are used as projectiles in several 
nuclear transformations. 

İİ) It is used as a tracer in elucidating reaction mechanisms. 

İİİ) It is used as production of hydrogen bomb. 

 

HYDRIDES &OXIDES 

1.Define oxides give an example. 

  Ans: The binary compounds of oxygen with other elements are called “oxides”. 

Ex: NO, NϕO, Alϕ Oϕ, MgO. 

 

2.What is hydrides ? Give an example . 

    Ans: Hydrides are the binary compounds of hydrogen with metals and non-metals. This 
definition does not include the binary hydrogen compounds formed by non-metals of very high 
electronegativities. 

Ex: HF, HCL, HϕO, HϕS, NHϕ. 

3.What are the classification of oxides ?with an example. 

   Ans: Based on the oxygen content , oxides are divided into the following four types: 

         1.Normal oxides 

         2.Suboxides 

         3.Polyoxides 
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         4.Mixed oxides 

1.Normal oxides: 

       Oxides which contain oxygen as allowed by the normal oxidation number of the elements M 
are called ‘Normal oxides’. They have only M-O bonds. 

Ex: No ,CO, HϕO, Naϕ O ,MgO ,Ba O, Alϕ Oϕ. 

 

2.Suboxieds : 

     These are oxides which contain a lower percentage of oxygen than the normal oxides of the 
element .They involve M-M bonds in addition to M-O bonds. 

Ex: NϕO ,CϕOϕ. 

3.Polyoxides: 

      Oxides which contain a higher percentage of oxygen than the normal oxides of element are 
further classified as, 

ϕ)Peroxides 

ϕ)Super oxides 

ϕ)Dioxides 

ϕ)Peroxides: 

    These are polyoxides which produce hydrogen peroxide when treated with dilute acids.  Ex: 
NaϕOϕ ,BaOϕ . 

Na₂ ₂ ₂ ₂O +2HCl→2NaCl+H O  

ⅱ)Superoxides: 

   The polyoxides which produce hydrogen peroxide and oxygen on reaction with water are 
known as superoxides. Ex:KO ,RbO ,CaO₂ ₂ ₂  

ⅲ)Dioxides: 

  The polyoxides which do not yield hydrogen peroxide with dilute acids are called 
“dioxide”.Ex:PbO ,MnO  .They liberate oxygen when heated with concentration.H SO₂ ₂ ₂ ₂  

MnO₂ ₂ ₄ ₄ ₂ ₂+2H SO →2MnSO +2H O+O . 



446 

 

 

Hyrides 

    Ans: On the basis of the electronegativity of the element which combines with hydrogen and 
the type of bonding ,hydrides are classified into four groups: 

     1.Electrovalent or ionic hydrides 

     2.Covelent or molecular hydrides 

     3.Metalic or interstitial hydrides  

      4.Complex hydrides 

 

 

1.Electrovalent or salt-like or ionic hydrides: 

    Definition: These are the hydrides of s-block elements alkali and alkaline earth metals (except 
Be and Mg). 

Ex: LiH, NaH, CaHϕ,BaHϕ. 

 

 

2.Covalent or molecular hydrides: 

   Definition: These hydrides are given by p-block elements(metals and non-metals of Gr ϕA and 
ϕA) and also by Be and Mg. 

Ex:BϕHϕ,AlHϕ,GeHϕ,SiHϕ,AsHϕ,BeHϕ, MgHϕ.   

 

 

3.Metallic or interstitial hydrides : 

   Definition: The metallic hydrides are formed d-block elements (transition metals of Gr. IB to ϕ 
B and ϕ ) and f-block elements (lanthanides and actinides). 

 

4.Complex hydrides: 
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      Definition: These hydrides are formed by the action of ionic hydrides on the deficient 
compounds of group ϕA elements in ether solution. 

Ex:LiAlHϕ Lithium aluminium hydride 

     NaBHϕ  Sodium borohydride. 

  Preparation:It is best prepared by the action of aluminium chloride on lithium hydride in ether 
solution. 

4liH+AlCl₃ →LiAlH₄ +3LiCl ↓ 

 Properties: LiAlH  is a powerful reducing agent.₂  

ⅰ)It reduces aldehydes and ketones to the corresponding alcohols. 

         RCHO   
2¤¥¦

§¨©6¥�ªªªªªªªªªªªªªªª«  RCH OH₂  

        Aldehyde               1⸰ alcohol 

        RCOR 
2¤¥¦

§¨©6¥ ªªªªªªªªªªªªªª« RCHOHR 

       Ketone                 2⸰ alcohal 

 

Sodium borohydride(NaBH ):₂  

  Preparation: Sodium  borohydride can be obtained by treating NaH with methyl borate in THF 
solution . 

4NaH+4B(OCH₃ ₃ ₄ ₃ ₃) →NaBH +3NaB(OCH )  

Properties: NaBH  is a powerful reducing agent .₂  

ⅰ) Sodium borohydride reduces aldehydes and ketones to the corresponding alcohols. 

RCHO 
2¤¥¦

¬®¥�ªªªªªªªªªªªªªªªª«  RCH OH₂  

Aldehyde                1⸰ alcohol 

RCOR  
2¤¥¦

¬®¥ªªªªªªªªªªªª« 
RCHOHR 

Ketone                   2⸰ alcohol. 


